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N the year 1658 the Primate of 
Ireland, Archbishop Ussher, de- 
clared that the creation of the Earth 
took place in the year 4004 B.c., a 
date which was repeated as a note in 
later editions of the Authorized Ver- 
sion. Thus it was deemed somewhat 
heretical to dispute the official age of 
the Earth. At the same time, super- 
natural forces were invoked to ex- 
plain away many of the landscape’s 
natural features. Earthquakes were 
held responsible for the creation of 
river valleys and the Biblical Flood 
for the boulder clay which is so wide- 
spread in the northern hemisphere. 
Under such influences the science 
of geology could make little headway 
and it was a Scottish geologist, James 
Hutton, who first perceived the real 
nature of the Earth’s history. Hutton 
(1726-1797) received a scientific edu- 
cation which he applied to the study 
of geology. He attempted to trace the 
origin of the various rocks in order to 
arrive at an understanding of the 
history of the Earth. Another eminent 
geologist, Abraham Werner, held that 
all rocks were laid down on the floor 
of a primeval, universal ocean, with 
granites and similar rocks first, sedi- 
mentary rocks last and transitional 
rocks, such as shales and slates, in 
between. But Hutton discovered that 
granite veins in Scotland had pene- 
trated other rocks and he naturally 
concluded that the granite must have 
been not only liquid at the time but 
also younger than the invaded rocks. 
Moreover, the adjoining rocks ap- 
peared to have been ‘baked’ and 
changed, which suggested that the 


invading liquid material was also 
very hot. 

Of even greater importance is the 
fact that this geological pioneer dis- 
covered the processes leading to the 
formation of sedimentary rocks. He 
saw angular fragments prised from 
rock faces by frost, soil being stripped 
from the land by streams, and rivers, 
laden with rock debris, discharging 
into the sea. He saw cliffs crumbling 
as storm waves pounded away at 
their base, and the sand of the beach 
being carried out to sea by under- 
currents. Hutton realised that the 
sediment being deposited on the 
floor of the sea was in fact rock in the 
making. He realised too that this was 
part of one unending cycle — land is 
uplifted from the sea and worn down 
by the tools of erosion, new rocks 
being formed from the debris of the 
old. In other words Hutton saw that 
the present is the key to the past; 
changes that have taken place in the 
Earth’s crust in the past were brought 
about by the same causes as the 
changes taking place today. This 
philosophy came to be known as the 
doctrine of uniformitarianism. Hutton’s 
revolutionary ideas appeared in his 
book The Theory of the Earth, which 
was published just two years before 
his death in 1797. But the teaching of 
Werner was so much in vogue that 
the new ideas aroused little interest 
at the time and it was left to later 
geologists to develop and champion 
the cause of Huttonian teaching. It 
ultimately prevailed over both Wer- 
nerism and the later doctrine of 
catastrophism which held that the 


3 
o> 


modern forms of the Earth’s surface 
were created by a sudden over- 
whelming mass of water. 

The history of the Earth is a con- 
tinuous cycle and, as Hutton re- 
marked, there is ‘no vestige of a 
beginning and no prospect of an 
end’. Even today this holds true. The 
original rocks of the Earth’s crust 
must necessarily have been formed 
from molten material (igneous) yet 
the oldest igneous rocks discovered 
have been found intruded into even 
older rocks and these in turn were 
formed originally from the debris of 
other rocks. Thus a starting point to 
the cycle of rock change has not been 
found. 
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PHYSIOLOGY 


A diagram showing the main lymph vessels and lymph nodes of a human arm. 


BODY FLUIDS 


FLOWER placed in an empty 

vase quickly wilts and dies. Its 
tissues dry up because they lack 
water. In the same way the body cells 
would shrivel up and die if they were 
not bathed by fluid. This fluid, the 
intercellular or interstitial fluid, contains 
all the materials that the cells need 
for their continued activity, and the 
waste materials that this activity 
produces are removed via the same 
fluid. 

The interstitial fluid is in close 
contact with the blood system. It 
receives a supply of fuel, oxygen and 
other substances from the blood — 
the latter having obtained these from 
the digestive system, lungs and the 
glands. Waste materials pass from it in 
the reverse direction, and are 
removed from the blood mainly by 
the lungs and kidneys. (The lymphatic 
system —see next page — provides 
another route by which material is 
returned from the tissues to the 
blood). 

END OF. 
CAPILLARY 


Water, Glucose, Salts, Oxygen, etc. 


HYDROSTATIC PRESSURE 
GREATER THAN OSMOTIC PRESSURE 


TISSUE CELLS AND SPACES 


The plasma and the interstitial fluid 
together make up a total of between 
eighty and ninety pints! The com- 
position of the body fluids varies 
between different parts of the body 
and from time to time with the 
activity of the tissue with which it is 
in contact. For example, the quan- 
tities of waste materials in the fluid 
bathing muscle cells will increase 
during vigorous exercise. At the same 
time the spleen releases more red 
corpuscles into the blood thus in- 
creasing its oxygen-carrying capacity. 

One striking fact is the difference 
between the composition of the fluid 
outside the cells and that inside (the 
intercellular fluid). In muscle, for 
example, the interstitial fluid is rich 
in sodium, chloride and bicarbonate 
ions but has relatively little potassium, 
calcium or magnesium. The intra- 
cellular fluid, on the other hand, is 
rich in potassium, magnesium, phos- 
phate and protein. Nerve cells too 


are rich in potassium and protein 


Water carbon dioxide and VENOUS END 
other waste substances, etc. OF CAPILLARY 


OSMOTIC PRESSURE GREATER 
THAN HYDROSTATIC PRESSURE 


A diagram showing the circulation of fluid between the blood capillaries and the cells and 
Spaces of the tissues. Water and dissolved substances other than proteins are driven out of 
the capillary at the arterial end because the pressure due to the heartbeat (hydrostatic 
pressure) is greater than the osmotic pressure. Waste materials, some salts and water 
are ‘sucked’ into the capillary at tts venous end because the osmotic pressure is greater than 
the hydrostatic pressure. 


The body contains approximately 
nine pints of blood, just over half of 
which consists of the fluid part 
(plasma). But this is only a small 
part of the fluid within the body. 
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but contain very little chloride or 
sodium, though the fluid round nerves 
is rich in sodium and chloride but 
poor in potassium and protein. These 
differences in concentration are parti- 


cularly important in the functioning 
of nerves (see pages 458-459). 

Even when fluid is retained within 
fairly well-defined regions of the body 
it is not entirely distinct from fluid 
elsewhere for there is a constant 


exchange of materials between 
different regions. 
Water, glucose, oxygen, amino 


acids and salts continually pass from 


TISSUE 
CELLS 


BLOOD 
CAPILLARY 


=r ~~ LYMPH 
TISSUE SPACES CAPILLARY 
A block of tissue showing diagrammati- 
cally the relationship of the tissue cells, 


tissue spaces, lymph capillaries and blood 
capillaries. 


the blood to the tissues through the 
capillary walls. Waste materials and 
water pass from the tissues into the 
blood. The lymph (see next page) is 
slowly but constantly returned to the 
blood. Great changes in the blood 
composition occur as it passes through 
the kidneys. However, variations in 
the composition of the body fluid are 
so complicated that it is impractical 
to consider it as a whole. The following 
divisions will be discussed here; blood 
and the lymph. 


The Blood 


The structure of the blood has been 
discussed in a previous article (see 
page 73). The plasma contains nearly 


seven per cent of protein, about one 
per cent of inorganic salts and small 
amounts of organic substances such 
as glucose, amino acids, fat, enzymes, 
hormones, antibodies and urea (the 
main waste material formed by the 
breakdown of protein). 

The blood is pumped at a high 
pressure to the tissues. This pressure 
is greater than that produced by the 
large molecules of the blood proteins 
(the blood osmotic pressure). Water, 
salts, glucose and other substances 
with molecules small enough to pass 
through the capillary walls are driven 
out of the capillaries to the fluid round 
the tissues. The blood pressure pro- 
duced by the heartbeat drops as it 
passes further through the capillary 
network until it becomes less than the 
osmotic pressure. Thus water and 
waste materials are sucked back into 


Bacteria may enter the tissues through a 
skin wound. They enter the lymph vessels 
and are carried to the lymph nodes where 
many are destroyed by phagocytes. 


the capillaries. In this way the cells 
are nourished and relieved of waste 
materials. 

Substances with small molecules 
probably seep (diffuse) through the 
walls of the capillaries because of 
concentration differences between the 
plasma and the tissue fluids. In 
fishes blood reaches the tissues at a 
low pressure so that the exchange of 
materials may almost entirely be due 
to diffusion. It is probable, however, 
that in birds and mammals, which 
have a high pressure system (see 
pages 482 and 510), the exchange 


of materials is speeded up. Thus the 
conditions necessary for the more 
highly active tissues of warm-blooded 
animals are supplied. 

The greater part of the plasma is 
water. Consequently many of the 
activities of the blood are directly 
related to the properties of water. 
Because water loses and gains heat 
more slowly than any other substance 
the blood can transport heat from 
one part of the body to another. Also 
since the body as a whole contains so 
much water its temperature will not 
be subject to rapid ups and downs. 
The conditions under which the 
tissues work are, therefore, more 
constant. More substances will dis- 
solve in water than in any other sol- 
vent, so the blood can transport 
chemicals from one part of the body 
to another. 

An additional important function of 
the blood is its role in the body’s 
protective mechanisms against infec- 
tion. Many of the white cells (phago- 
cytes) are able to engulf and destroy 
bacteria. The harmful substances 
(toxins) that these bacteria produce 
are also rendered harmless by sub- 
stances (antibodies) produced by the 
white blood cells and in certain of the 
body organs. 


The Lymphatic System 


A special set of vessels, the lymphatic 
system, returns fluid (lymph) from the 
tissues to the heart. Its vessels reach 
nearly all parts of the body. The 
lymph capillaries are blind tubes — a 
little larger in diameter than the 
blood capillaries. They are in close 
contact with the tissue cells or the 
spaces round them. Although the 
tubes are blind, molecules of all 
shapes and sizes (even bacteria) can 
squeeze through the walls between 
cells. The smaller vessels join up to 
form larger ones in much the same 
way as veins. At intervals along the 
lymph channels are swellings — the 
lymph nodes. These are essentially net- 
works of connective tissue that contain 
phagocytes and also other white blood 


cells called lymphocytes. The lymph 
nodes are particularly important at 
times of infection when the phagocytes 
actively consume bacteria. They are 
the ‘swollen glands’ that we feel in 
the armpits from an infected finger 
or in the neck from a bad tooth. 
Nodes near the lungs of city dwellers 
may become blackened by soot and 
other particles. Thus a major function 


The lymph nodes shown may become 
swollen and painful. This ts a sign that 
the phagocytes are actively engaged in 
defending the body against harmful 
bacteria. 

of the lymphatic system is as a filter 
for bacteria and other foreign 
particles. 

The lymphatic system is also con- 
cerned with maintaining the fluid 
balance of the tissue cells and the 
spaces round them. When channels 
become blocked by disease the affected 
part may swell considerably, a con- 
dition called oedema. The lymph 
vessels (lacteals) of the intestine trans- 
port fat away from the intestine (see 
page 373). 

The chemical composition of lymph 
is very similar to that of the blood 
plasma except that it contains very 
little protein. It is moved very slowly 
through the lymph vessels as a result 
of body movements. Valves similar to 
those of veins prevent its backward 
flow. 


A series of drawings showing a phagocyte engulfing and destroying a bacterium, a process called phagocytosis. 
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A MOLECULE INSIDE THE LIQUID 
TH A SURFACE MOLECULE 


THERE IS NO 
@ 


ATTRACTION SLL 
; Is ATTRACTED $ $ ON THE FOURTH 
SIDE, AND THE 


SIDES. THE <~ +>) MOLECULE IS 
i ¢ REPRESENT } + ¥ BEING PULLED 
*” COHESIVE FORCES <= INWARDS 


A molecule near the centre of a volume of liquid is attracted by other molecules equally 
on all sides. Surface molecules, however, are unbalanced because there are no liquid 
molecules above them. So the tendency of any liquid surface is to contract inwards, 


towards the rest of the liquid. 


"THE molecules of a substance are 

held together by their gravita- 
tional attraction. Each molecule 
attracts and is attracted to its imme- 
diate neighbours. Thus, a molecule 
somewhere at the centre of a glass of 
water is attracted equally on all sides. 
But a molecule at the surface of the 
water is only attracted on five sides, 
for there are no molecules of water 
above it to provide the attraction on 
the sixth side. There are of course 
molecules of air above, but the 
molecules of a gas are so widely 
spaced that their gravitational attrac- 
tion is almost negligible. 

Thus the natural tendency of a 
surface molecule is to sink down into 
the water beneath, for the force 
acting on its underside is not balanced 
by a force acting on its upperside. It 
is unable to do this, however, for the 
molecules of water beneath are 


If the part of the soap 
film inside the cotton 
loop is burst, surface 
tension pulls the loop 
equally in all direc- 
tions, so that it forms 
a circle. 
WIRE FRAME 
PIECE OF COTTON 


already occupying all the available 
space and they just cannot be packed 
any tighter. 

Since this inward force is acting on 
every surface molecule there is a 
tendency for every drop of water to 
be pulled inwards equally on all 
sides and assume a spherical shape. 
The surface molecules act like an 
elastic skin over the liquid, trying 
to contract and reduce the surface 


Drops tend to shape themselves so that they have as little surface area as 
posstble. So tiny mercury droplets are spherical (a sphere has the smallest 
posstble area for a given volume). Larger, heavier drops are pulled out of 
shape by their own weight. Droplets here are shown very much magnified, 


Surface tension draws droplets of dew into > 
spheres. Larger droplets are flatter. 
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DEPRESSION 
IN THE WATER 
SURFACE AROUND 
THE NEEDLE 
A needle can be made to “float” E 
surface by gently placing it on the surface so 
that it ‘stretches’ rather than breaks it. 


area as much as possible (a sphere 
has the smallest possible surface area 
for a given volume). 

This phenomenon is called surface 
tension and it explains why a needle 
can be made to ‘float’ on water despite 
the fact that this is contrary to the 
laws of flotation (a metal needle can- 
not displace its own weight of water 
and should therefore sink). If the 
needle is placed carefully on the 
surface of the water there will be 
sufficient cohesion between the sur- 
face molecules (i.e. ability to stick 


together) to stop it breaking through 
the elastic ‘skin’. A close look at the 
floating needle shows that it causes a 
depression in the surface of the water 
as though the ‘skin’ has been stretched. 
But it does not sink very far, for a 
depression means extra surface area 
and this is just what the elastic ‘skin’ 
is striving to avoid. Surface tension 
also explains why certain insects can 
‘skate’ across the surface of a pond. 


ATOMIC CHEMISTRY 


LIONS 


HEN an acid, a base or a salt is 

dissolved in water, some, if not 
all, of the molecules dissociate (break 
up) into charged particles called 
tons. The metallic ions (and hydrogen 
ions) are positively charged, while 
the acid radicals (and hydroxy] ions) 
are negatively charged. The process 
of dissociation into ions is called 
tomization. 

Although positively and negatively 
charged ions are set free as a result 
of ionization, the solution as a whole 
remains ¢lectrically neutral. This is 
because the total charges on the 
positive and negative ions set free by 
each molecule of the compound are 
the same. Thus when a molecule of 
potassium sulphate ionizes, three ions 
are produced —- two potassium ions 
each carrying a single positive charge 
and one sulphate ion carrying two 
negative charges. This makes a total 
for each molecule of two positive 
charges and two negative charges. 


Weak Electrolytes 


Compounds such as hydrocyanic acid, ammonium hydroxide and 
mercuric chloride only yield a few ions when they dissolve in 


water. They are weak electrolytes. 
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In the formation of sodium chloride from metallic sodium and 
gaseous chlorine, the sodium atom donates one electron to the 
chlorine atom. In this way the positively charged sodium ion and 
negatively charged chlorine ion are formed. The outer electron 
shells of both ions have been completely filled. 


The charge carried by an ion is 
equal to the valency (see pages 102-3, 
254-6 and 486—7) of the correspond- 
ing atom. This is no coincidence, 
since the ions which make up the 
molecules are held together by the 
electrical attraction between unlike 
charges. It is for this reason that the 
compounds which ionize in solution 
are said to be electrovalent. Thus a 
zinc ion has two charges and has a 
valency of two (is divalent). In 
electrovalent compounds one zinc 
ion will be associated with a single 
ion carrying two negative charges 
(e.g. a sulphate ion) or two ions 
carrying single negative charges (e.g. 
two chloride ions). 

The structure of the atoms of 
various elements has already been 


Model showing 
position of so- 


dium ions and 
chloride ions in 
a crystal of com- 
mon salt, 


described. At the centre of the atom 
there is a heavy nucleus contain- 
ing neutrons and positively charged 
particles called protons. Orbiting 
around the nucleus there are a 
number of light, negatively charged 
particles or electrons. The number of 
electrons in any atom is normally 
equal to the number of protons, so 
the atom as a whole is electrically 
neutral. 

The orbiting electrons are ar- 
ranged in shells and it is found that 
if there are eight electrons in the 
outer shell (or two in the case of 
the ‘inert gas structure’ as it is called, 
helium) then the atom is unreactive. 
All atoms try to achieve this stable 
arrangement, and to do so they may 
either gain or lose electrons in the 


Strong Electrolytes 


Substances like nitric acid, sodium hydroxide and potassium 
chloride which are almost completely dissociated into ions when 


they dissolve in water are called strong electrolytes. 
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Each Compound is Electrically Neutral 


The total charge on the positive ions liberated by each molecule 
of an acid, base, or salt is equal to the total negative charge set 
free by the same molecule. 


| SODIUM ION 


SODIUM NITRATE (1 POSITIVE CHARGE) |_ NITRATE ION 


(1 NEGATIVE CHARGE) 
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outer shell. These electrons may be gained from, or given 
to, the atom of another element which also becomes 
stable. In this way ions are formed from atoms. 

Thus an atom of sodium has one electron in its outer 
electron shell. It readily loses this one electron and so 
becomes a positively charged ion — there are 11 protons in 
the nucleus, but now only 1o electrons orbiting it. In 
contrast, there are seven electrons in the outer shell of a 
chlorine atom, so that by gaining an electron a stable 
chloride ion is formed. There are now 18 electrons orbit- 
ing the chloride ion, but only 17 protons in its nucleus 
so it has a net single negative charge. 

It should be noted that the chemical properties of the 
atoms and the corresponding ions show marked dif- 
ferences. Both sodium and chlorine are very reactive 
elements — sodium metal reacts violently with water and 
hydrogen gas is set free, while chlorine gas has a powerful 
bleaching action. However, sodium chloride (common 
salt) has neither of these properties although it contains 
only sodium and chlorine, but the compound even in its 
crystalline state is made up of sodium ions and chloride 
tons. 

Substances such as acids, bases and salts, which ionize 
when they dissolve in water are called electrolytes. An 
electric current will flow through such a solution, although 
water itself is a very poor conductor of electricity. The 
flow of electrons which constitutes an electric current can 
only move around a completed circuit. When the current 
passes along wires, the electrons jump from atom to atom. 
However, in an electrolyte the current is able to pass 
because the electrically charged ions migrate to the elec- 
trode of opposite charge under the influence of the 
electrical pressure (voltage). The process of decomposing 
an electrovalent compound in solution by passing an 
electric current is known as electrolysis, and is the basis of 
electro-plating: 

Acids such as nitric acid and bases such as sodium 
hydroxide are often said to be strong. Closer examination 
of solutions of these and other strong electrolytes reveals 
that the substances are almost completely ionized in 
solution. In general, a salt (e.g. potassium chloride) 
obtained by neutralizing a strong acid with a strong base 
will also ionize almost completely in solution. 

At the other end of the range there are weak acids such 
as hydrocyanic (prussic) acid and weak bases like am- 
monia. It is found that these compounds are only slightly 
ionized in solution. The number of ions in a given volume 
of the solution of a particular weak electrolyte does not 
vary very much for quite large changes in the concentra- 
tion of the electrolyte. 

Gaseous atoms and molecules will, under certain con- 
ditions, break up to give ions. Such ions can be formed 
by electrons collecting with the molecules, or when the 
gas is in the path of radiations such as X-rays. The effect 
is particularly noticeable with gases at low pressures, 
which sometimes give out coloured light when their 
molecules become ionized. It is thought that the Northern 
Lights (aurora borealis) are due to oxygen and nitrogen in 
the atmosphere becoming ionized. 
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Crocodile-like phytosaurs were common in North America during the Triassic Period. Specimens from Texas exceed twenty feet in length. 


In the background Podokesaurus, one of the smaller dinosaurs, about three feet in length. 


MESOZOIC NORTH AMERICA 


WO hundred million years ago, a 
new era, the Mesozoic, began in 
the Earth’s long history. This was the 
time when reptiles really came into 
their own. The following 130 million 
years witnessed the rise of reptilian 
forms until they dominated the 
land, the sea and the air. Most 
spectacular and certainly best known 
are the dinosaurs. Most (but not all) 
of these were large, and some 
forms reached the colossal weight of 
50 tons. The name ‘dinosaur’, which 
literally means ‘terrible lizard’, is a 
very broad one which really includes 
two orders of reptiles, the Saurischia, 
é.g., Allosaurus and Brontosaurus, and 
the Ornithischia, e.g., Stegosaurus and 
Trachydon. 

The Triassic Period, the first divi- 
sion of the Mesozoic Era, was some- 
thing of an anti-climax in North 
America. The tumultuous close of the 
preceding era had seen the creation 
of a great mountain range in the east 
(the Appalachians), and the first part 
of the Triassic Period was marked by 
continuous erosion as streams and 
rivers began their task of erasing this 
wrinkle in the land surface. But later 
in the period extensive faulting and 


uplifting in the Appalachian region 


(the Palisade Disturbance) created a 


narrow chain of tilted block moun= © 


wr 


a 


tains, bordered by deep troughs. As 
these troughs were being formed the 
deposition of sediment derived from 
the neighbouring highlands continued 
apace on their subsiding floors. Hence 
they now contain a rich record 
of Upper Triassic rocks collectively 
termed the Newark group. These 
strata exceed 20,000 feet in thickness 
locally. 

In the present Rocky Mountain 
region continental deposits were being 
laid down over a wide area under 
arid conditions. The red and purple 
shales and sandstones thus formed 
now produce the spectacular scenery 
of the Painted Desert, Arizona. In 
the Far West a seaway reached from 
California to southern Canada early 
in the period and in it were deposited 
shales and limestones rich in fossils. 

The Triassic Period saw the begin- 
ning of a new pattern in North 
America. In the west a broad belt of 
land from Utah and Nebraska to 
Canada was slowly being uplifted and 


either side of it geosynclines were 
developing — the Pacific Coast geo- 
syncline to the west and the Rocky 
Mountain geosyncline to the east 
(geosynclines are long trough-like 
depressions in which the foundations 
of mountain ranges are laid). 

The Jurassic Period, which began 
some 170 million years ago, saw the 
development of the pattern which 
began to take shape in the preceding 
period. East of the rising highland 
belt the sea spread southwards as the 
Rocky Mountain geosyncline slowly 
developed. Eventually, during the 
latter part of the period, the land as 
far east as central North Dakota and 
as far south as New Mexico was sub- 
merged. But later still the sea _re- 
treated and the former seabed be- 
came a fertile lowland, clothed with 
luxuriant vegetation and crossed by 


eels . . 
Lariosaurus, a_ sea-dwelling 
nothosaur of the Triassic Period. 
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numerous sluggish rivers flowing 
down from the highlands to the west. 
These spread large quantities of mud 
and gravel across the area, producing 
the present-day Morrison formation 
which extends from Colorado in the 
east to Utah in the west, and from 
New Mexico in the south to Montana 
in the north. Consisting mainly of 
shales and sandstones, this formation 
rarely exceeds 400 feet in thickness 
but it contains a marvellous record of 
Jurassic land animals and plants, in- 
cluding seventy species of dinosaurs 
and twenty-five species of primitive 
mammals. The moist lowland region 
where these rocks were laid down had 
a wide variety of animal life and the 
rapid deposition of sediment by count- 
less meandering rivers provided un- 
usually favourable conditions for fos- 
silization. The Morrison formation is 
difficult to date accurately, for its 
assemblage of fossils is unique in 
North America. But comparison with 
similar rocks in other continents 
suggests Late Jurassic. 

Meanwhile, the other great de- 
pression which had made its appear- 
ance in the Triassic Period, the 
Pacific Coast geosyncline, continued 
to deepen throughout most of the 
Jurassic Period and received a large 
amount of sediment from rivers flow- 
ing off the highlands to the east. 
Between the two geosynclines earth 
movements, which had already up- 
lifted the land slightly in the preceding 
period, grew steadily in intensity 
throughout the Jurassic Period and 
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finally culminated in the first great 
spasm of the Alpine Revolution (the 
Nevadian Disturbance) which created 


a range of fold mountains in place of 
the highlands. 


The Cretaceous Period, which 
opened some 135 million years ago, 
brought to North America a last 
great submergence. Although both 
the Atlantic and Gulf coasts were 
invaded by the sea the main scene of 
inundation was the Rocky Mountain 
geosyncline. Right from the start of 
the period, the sea advanced over it 
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A late Cretaceous scene in the area of 
Wyoming. In the foreground ‘Triceratops, 
a horned dinosaur, and Trachydon, a 
duck-billed dinosaur which survived to the 


from both the north and the south. 
Eventually these two inlets met and, 
hemmed in by highlands to the west, 
the water began to spread eastwards 
until in Late Cretaceous time North 
America was half submerged. A 
thousand mile wide stretch of water 
divided the continent right down the 
middle into two distinct parts, a 
broad, low eastern section and a 
narrow, rugged western section. 
West of the Rocky Mountain geo- 
syncline the mountains created during 
the preceding period continued to 
broaden and rise intermittently. 
Streams and rivers working apace 
with the rising land poured vast 
amounts of debris into the neighbour- 
ing depression, thus adding to the 
material from which the Rockies 


JURASSIC 
ECHINOID 


end of the Mesozoic Era. In the back- 
ground Tyrannosaurus, a large flesh- 
eating dinosaur with a head four feet long, 
and Pteranodon, a flying reptile. 


were to be born. 

The closing stages of the Mesozoic 
Era were marked by growing crustal 
unrest which came to a climax in the 
second great phase of the Alpine Revo- 
lution, the Laramide Orogeny (mountain 
building is termed orogenesis). The 
vast quantities of rock which had 
accumulated in the great Rocky 
Mountain geosyncline were folded 
and faulted by tremendous forces 
until, out of the long depression which 
had been developing through the era 
and amid violent volcanic activity, 
the Rocky Mountain system was 
born, a great mountain range with a 
maximum width of 500 miles reaching 
right the way down North America. 
Although the Rockies were to be 
eroded considerably and_ uplifted 
again in the succeeding era it was 
this orogeny which determined their 
basic structure. The vast amount of 
material poured into the old geo- 
syncline during this single period may 
be seen from the fact that Cretaceous 
formations reach the great thickness 
of 20,000 feet in Wyoming. 
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INDUSTRIAL CHEMISTRY 


‘THE Solvay process is the most widely used process for 

the manufacture of sodium carbonate. Because of its 
many uses, millions of tons of sodium carbonate are 
produced every year. It is in great demand by the glass 
industry, and it is important in the manufacture of 
textiles, soap and detergents, numerous chemicals, paper, 
iron and steel. It is also used as a water softener 
(household washing soda is a well-known form of 
sodium carbonate) and in the refining of petrol. Often 
there are many ways by which a particular chem- 
ical substance can be manufactured. Different raw 
materials and different reactions may be used to get the 
same end product. From the many available methods, the 
chemical industry chooses the most economical one. A 
good process uses the cheapest and most easily obtainable 
starting materials, which undergo a series of reactions. It 
may be that the by-products can be used again in the 
process or have value in other branches of the chemical 
industry. Methods which produce large quantities of 
useless by-products are rejected. 
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Sodium carbonate can be made in many ways but for 
reasons of economy most of it is now manufactured by the 
Solvay process (sometimes called the ammonia-soda pro- 
cess). It has as its starting materials common salt (sodium 
chloride) and limestone (calcium carbonate), both of 
which are cheap and readily available. Ammonia is used 
in the process but it can be used over and over again so 
only a small quantity of it is needed to replenish that 
which is lost. The Solvay process consists of a continuous 
series of reactions from which the end product, sodium 
carbonate, results. 


The chemistry of the process 


Unfortunately sodium chloride cannot be made to 
change partners directly with the calcium carbonate to 
form sodium carbonate and calcium chloride. But the 
same end can be achieved in a roundabout way by a 
series of reactions involving the use of ammonia. 

When a solution of sodium chloride is mixed with a 
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solution of ammonium bicarbonate, a double decomposi- 
tion reaction takes place. The sodium changes partners 
with the ammonium, forming ammonium chloride and 
sodium bicarbonate. Sodium bicarbonate appears as a 
solid since it is not soluble in ammonium chloride solution 
and can be separated from it by filtration. 

NaCl + NH,HCO, = NaHCO, + _  NH,CI 


(sodium (ammonium (sodium (ammonium 
chloride) bicarbonate) _ bicarbonate) chloride) 


After filtration the sodium bicarbonate is heated. It 
decomposes into carbon dioxide, an intermediate product 
which is used again in the process, water, and sodium 
carbonate, the end product of the process. 

2NaHCO, = Na,CO, + H,O of co, 
bicarbonate) carbonacey «= Sana 

The sodium chloride used in the first reaction (the one 
in which the sodium bicarbonate is formed) is one of the 
starting materials for the process, but the ammonium 
bicarbonate with which it reacts has to be made by 
a separate series of reactions from limestone and 


ammonia. Limestone (calcium carbonate)is roasted or 


‘burned’ in a kiln where the application of heat causes 
it to decompose or split up into quicklime (calcium oxide) 
and carbon dioxide. 


cacO,; = CaO + co, 
(calcium (calcium (carbon 
carbonate) oxide) dioxide) 


A solution of ammonia in brine reacts with the carbon 
dioxide to form the required ammonium bicarbonate 


NH, + H,O + co, = NH,HCO, 
(ammonia) (water) bree (ammonium 
ioxide) bicarbonate) 


The quicklime from the third reaction (the roasting or 
calcination of the limestone) is used to regenerate ammonia 
from the ammonium chloride by-product of the first 
reaction. The quicklime (calcium oxide) is first slaked by 
adding it to water. Chemically, this converts it into 
calcium hydroxide. When calcium hydroxide is heated 
with the ammonium chloride, ammonia is given off, 
leaving behind calcium chloride (for which there is little 
commercial demand). 
2NH,CIl + CaO = 2NH,; + jCacl + H,O 


(ammonium (calcium (ammonia) (calcium (water) 
chloride) oxide) chloride) 


The Solvay plant 


Salt is dissolved in water to make a solution that is 
almost saturated, 7.e. it is as concentrated as possible. 
This is usually done by pumping water into the salt 
deposit. The brine may contain soluble calcium and 
magnesium salts which have to be removed in a kind of 
‘water softening’ plant. The purified brine now enters 
tall cast iron ‘ammoniating towers’ or ‘absorbers’ down 
which it trickles against a rising stream of ammonia 
gas. Heat is given out as the ammonia dissolves. As 
the temperature must be low to keep the ammonia in 
solution, the ammoniated brine is cooled half-way down 
the tower and again before it is sent on to a similar tower 
where compressed carbon dioxide from a lime kiln 
is forced into the liquid. This is the precarbonating tower. 
The process is repeated in the carbonating tower using 
carbon dioxide from the ‘drier’. The sodium bi- 
carbonate solid formed is filtered out from the ammon- 
ium chloride solution. This solution goes back to 
the lime still to regenerate more ammonia. The sodium 
bicarbonate is heated in the calciner and the sodium car- 
bonate from this passes to the cooler to cool down. 

The lime kiln is fired with coke. Air is blown in to 
provide oxygen for the coke to burn in so that it releases 
the heat needed to decompose the limestone. Quicklime 
from the bottom of the kiln is converted into slaked lime 
in the slaker and then is passed to the lime still where 
ammonia is regenerated from the ammonium chloride 
solution. The heat is provided by steam. Hot ammonia 
gas from the still is cooled before returning once more 
to the absorber. It is uneconomic to recover the 
calcium chloride from the sludge leaving the bottom 
of the tower. This waste is harmless and is usually dumped 
in rivers or in the sea, whichever is the most convenient. 

The plant is, in fact, usually situated near a river which 
can also supply the large quantities of water needed for 
the cooling units and to make the steam used for power 
generation and in the lime still. 
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"THERE 1 is a considerable difference 

2 ae a musical note and a 
nasty noise. Either sound travels to 
the ears by means of a wave motion. 
The difference between them can be 
explained by the behaviour of their 
waves. The sound waves set up by 


wheel was rotating twice every second, 
then in one second the card would be 
hit 200 times by the teeth and the 
frequency of the sound would be 200 
vibrations per second. By increasing 
the speed at which the wheel was 
rotated, the frequency would auto- 


When a large part of the ruler 1s vibrating the wavelength of the fundamental note 
produced is longer and the pitch ts lower than when a small part is vibrating. 


the playing of a single musical note 
have the same _ frequency. For 
example, they may be travelling at 
the rate of 260 waves per second. 
Their frequency then is 260. On the 
other hand, unpleasant non-musical 
noises are a jumbled mixture of waves 
of varying frequencies of no fixed 
order or pattern. This article will deal 
only with the ordered pattern of 
musical notes. 

Some musical notes sound very 
high-pitched. The squeaking of a 
mouse is a high pitched sound. Others 
of low pitch sound deep like the 
rumble of thunder. The great Italian 
scientist Galileo first put forward the 
idea that the pitch of a sound was 
determined by the frequency of its 
vibrations. This theory was not 
proved until the 17th century by 
Hooke. Hooke made a wheel which 
had small teeth sticking out from the 
edge at equal intervals all round it. 
He rotated the wheel on an axle and 
pressed a card onto the teeth so that 
a sound was given out by the teeth 
hitting against the card. A similar 
sound is given out when a ruler is 
dragged across some railings. If there 
were 100 teeth on the wheel and the 
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matically be increased too. Hooke 
noticed that this increase in speed and 
frequency gave rise to notes of higher 
pitch. By doubling the speed the note 
would be raised one octave. It can, 
incidentally, also be proved that the 
irregular frequencies of a wheel with 


unevenly spaced teeth do not give a 
note of a certain pitch but only an 
unmusical, unpleasant noise. More 
modern methods of producing notes 
of a given pitch work by blowing 
compressed air through holes that are 
evenly spaced round the circum- 
ference of a rotating disc. The siren 
works on this principle. 

A musical scale is an arrangement 
of notes of increasing pitch and fre- 
quency. The next octave above will be 
of higher pitch and each note will have 
twice the frequency of its correspond- 
ing lower note. A good example of 
this is the major diatonic scale which 
has a middle C of frequency 256 


A home made ‘xylophone.’ The short plates 
produce the high notes and the long plates 
produce the low notes. 


ANTINODE ANTINODE 


ANTINODE 


OPEN PIPE Pees ane 
Open and closed organ pipes of the same 
length. The closed pipe produces the lower 
pitched note. 


VIOLIN 


A 


CLARINET 


BASSOON 


The double bass and the bassoon produce 
notes of lower pitch than the smaller violin 
and clarinet. 


vibrations per second 

doh ray me fah soh lah te doh! 
Cc DE F G A B @ 
256 288 320 341°3 384 426-6 480 512 
This is well within the range of pitch 
that human beings are capable of 
hearing. A normal ear can detect 
sounds whose frequencies lie between 
20 and 20,000 vibrations per second. 
Sounds of higher pitch are inaudible 
and are called supersonic sounds. 
They can be heard by some animals 
such as dogs which have a larger 
range of hearing. 

Different musical instruments can 
obtain their variations in pitch by 
different methods. Although a ruler 
is not a musical instrument, it can 
be used to demonstrate how pitch can 


be made to vary. If it is held by one 
end and the table edge is banged 
with the other, it gives out a high 
pitched ‘note’. Banging lower down 
the ruler, nearer to the hand, gives a 
lower pitched ‘note’. For this low 
pitched ‘note’ the vibrating part of 
the ruler (between the table and the 
free end) is longer than when the 
high ‘note’ is being produced. In 
general the longer the vibrating part 
of the instrument, the lower the pitch 
becomes. 

Whatever the pitch of the note the 
sound still travels at the same speed. 
The speed of sound is equal to the 
frequency of the note times its wave- 
length. V = n> where V is the speed 
of sound, n is the frequency and the 
Greek letter, 4 is the wavelength. It 
stands to reason that if the speed of 
sound is to remain the same, high 
pitched notes (high frequency) will 
have small wave-lengths and low 
pitched notes (low frequency) will 
have large wave-lengths. A _ long 
string or rod fixed at both ends, or a 
long tube, will give a low note, where- 
as a short one will give a high note. 
One has only to look at the families of 
instruments in the orchestra to see 
that this is so. The double bass makes 
low pitched notes while the smaller 
violin makes high pitched notes. The 
bassoon makes lower pitched sounds 
than the smaller clarinet. 

The xylophone is a series of plates 
of different sizes connected together 
by two cords running near the ends 
of the plates. When struck, the centre 
of the plate vibrates (it is an antinode) 
and the ends (which are nodes) do 
not. The effective length of the plate 
is half the wavelength of the funda- 
mental sound it produces. The long 
plates give out the notes of large 
wavelength and low pitch. With the 
guitar, the pitch can he raised by 
making the effective length of the 
string shorter by pressing it onto a 
stop on the finger board. Organ pipes 


are of two types, some which are open } 


at both ends (open pipes) and others 
which are closed at one end (closed 
pipes). There is always an antinode 
at an open end and a node at a closed 
end. The basic, or fundamental sound 
produced in an open pipe has a 
wavelength of twice the effective 


length of the pipe. That produced by 
a closed pipe is four times its effective 
length. A closed pipe will produce a 
note of much lower pitch than an 
open pipe of the same length. The 
organ has many pipes because each 
of its pipes has a fixed pitch. Instru- 
ments such as the clarinet, though, 
can change pitch. Uncovering a cer- 
tain hole in the pipe alters its effective 
length and changes the wavelength 
and pitch. 

The pitch of a note made by a wire 
does not entirely depend upon its 
length. It also depends upon how 
tightly it is stretched (the tension in 
the wire) and upon the ‘heaviness’ of 
the wire. The way in which tension 
affects the pitch can be shown quite 
simply by plucking on a rubber band. 
The more the band is stretched, the 
higher is the pitch. Stringed instru- 
ments are tuned by adjusting the 
tension in their strings. If, on a 
double bass, the tension in a string is 
too high, it is slackened by turning a 
knob at the top. 

On stringed instruments, some 
strings are thin and light and others 
are thick and heavy. The light strings 
give notes of high pitch and the thick, 
heavy ones, deep notes of lower pitch. 
The effective (vibrating) length of, 
each string must also be takenug 
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Effective length of guitar string being 
shortened by pressing it onto the finger 
board. This raises the pitch of the note. 
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TECHNOLOGY 


The Principles of SOLDERING 


SOLDERING is a means of joining 

together two metallic surfaces by 
using metal alloys called solder which 
have a lower melting point than the 
metals to be joined. The properties of 
the soldering metal are such that it 
not only penetrates rough and under- 
cut surfaces and holds by solidifica- 
tion, but that it also chemically 
adheres to the metal surfaces, com- 
bining with them to form a compound 


A magnified picture of a soldered joint 
showing the alloy (“intermetallic compound’) 
which tin (from the solder) forms with 


copper. 


‘intermetallic’ layer. Tin is a metal 
which will perform the above function 
and it therefore forms the basis of the 
soldering alloys. 

In order to carry out the process of 
soldering satisfactorily it is essential 
that the parent metals must be shaped 
so that they fit together yet allow the 
solder to flow between the joint faces, 
and the faces must be made chemically 
clean. In order to assist this latter 
point a flux is used. The solder must 
be selected so that it is capable of 
forming an intermetallic compound 
with the parent metal when heated, 
and sufficient heat must be supplied 
so that the solder flows freely. The 
longer the soldering temperature is 
maintained the deeper the inter- 
metallic penetration becomes. 


The metals to be joined must, after 
shaping, be cleaned of all grease and 
dirt. The grease can be removed by 
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using a solvent or vapour. Special 
precautions are needed with many of 
these and generally they should not be 
used in an enclosed or confined space 
or room. Metals coated with tinplate, 
or tin-zinc galvanized, or terneplate 
(an inferior kind of tinplate contain- 
ing lead), do not generally need 
further treatment prior to soldering, 
but other metals should be filed, 
scraped, wire-brushed or rubbed with 
wire wool to provide a good me- 
chanically clean surface. All traces of 
rust or corrosion must be removed. 
Industrial parts are frequently 
‘pickled’ (cleaned in acid) to achieve 
this. 


The function of a flux is to convert 
the mechanically clean surface into a 
chemically clean one by removing the 
oxide layer which forms on a metal 
exposed to the oxygen of the atmo- 
sphere, especially whilst it is being 
heated to soldering temperature. Re- 


Diagram showing how molten flux removes 
the oxide layer (left) and ts itself displaced 
by molten solder (right). 


moval of the oxide layer allows the 
solder to come into direct contact 
with the parent metals and ‘wet’ the 
surfaces. If wetting does not take 
place satisfactorily the solder will 
remain in beads or globules on the 
metal surface and the parts will not 
be jointed properly. 

Fluxes are classified as either active 
or inactive, depending upon their 
ability to attack the oxide layer on 
the metal. Active fluxes, which have 


acid properties, attack and dissolve 
the oxide layer, but after soldering is 
complete their residues absorb water 
from the atmosphere and quickly 
attack and corrode the parent metals. 
These residues are difficult to remove. 
Active flux may be ‘neutralized’ by 
adding an equivalent amount of 
alkali to form a ‘neutral’ salt, but this 
does not prevent its residue from 
corroding the parent metal. However, 
this type of residue can be removed by 
washing in a hot, dilute soda solution, 
followed by a hot water wash. Such 
a cleaning process cannot be per- 
formed when electrical work is in- 
volved or when contact with water 
would be detrimental to the joined 
parts. It is for this class of work that 
the inactive or ‘safe’ fluxes are used. 
Inactive fluxes are composed of sub- 
stances which do not react appre- 
ciably with most metals at room 
temperature. But when raised to 
soldering heat they act as fluxes and 
protect previously cleaned surfaces. 

The most commonly used active 
flux is zinc chloride (killed spirit), 
whilst the inactive fluxes are generally 
resin based. Both of these may be 
obtained in the form of solutions or 
paste. The inactive fluxes may also 
be obtained in crystal form. 


The process of forming a thin layer 
of solder on each part to be joined 
prior to assembly is called tinning. It 
is good practice to do this as it en- 
sures adequate wetting of the parent 
metal by the solder, improves the 
flow of solder in the soldering opera- 
tion, and makes for a better joint. 


The bit is the name given to the 
tool which acts as a reservoir of heat, 
some of which it gives up to the work- 
piece during soldering. It stores the 
molten solder (generally on its tip) 
and delivers it to the joint or part to 


HANDLE 


MADE OF WOOD 
(A BAD CONDUCTOR 


OF HEAT) 


ALTERNATIVE BITS FOR 
WITH ELECTRIC SOLDERING IRON 


be tinned; and finally it is used to 
remove excess solder from the finished 
joint. 

The bit is generally made of high 
quality copper which should be free 
from oxygen. Copper is a good con- 
ductor of heat and warms up quickly. 
It is also capable of being readily 
tinned with solder. The size and 
shape of the bit is determined by the 
type and size of the work to be done. 
Too small a bit will prevent the easy 
flow of solder, its heat being given up 
too quickly, whilst too large a bit is 
unwieldy and may prevent the solder 
from cooling sufficiently quickly. As 
a general rule a 12-0z. bit is used for 
general engineering work, whilst a 
4-0z. bit is suitable for small elec- 
trical joints. The hand bit may be 
heated by a gas flame or alternatively 


Hand soldering part of an electrical 
generator. 
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ELECTRICALLY HEATED 
SOLDERING IRON 


The steps in making a soldered joint are:— 


. Check assembly and clean parts. 

2. Tin bit and re-heat. Do not overheat. 
3. Apply flux to surfaces to be soldered. 
4 


. Remove bit from heat, place tip gently 
and quickly in flux to clean. Hold 
against solder and allow a quantity to 
melt onto tip of bit. 


5. Tin surfaces of parts by holding face of 
bit against part to transmit heat to it. 
Run bit evenly and smoothly along sur- 
face to give a thin layer of solder. 


ao 


. Assemble parts. Reheat bit. 


an electric soldering iron has a built 
in heating element. 

Preparation of the bit for soldering 
is essential and is carried out by first 
filing the tip so that it is clean and 
smooth. Then with some sal am- 
moniac crystals (a flux) placed on 
the hollow side of a brick the bit 
should be heated until it will melt 
some solder readily. The bit should 
then be rubbed together with the 
solder and sal ammoniac against the 
brick until its faces are tinned with 
solder. Any excess solder should be 
wiped off with a clean cotton rag. 
This process must be repeated when- 
ever the faces become tarnished or 
dirty in use. The bit should never be 
overheated and when the gas heating 
flame just shows a green fringe the 
bit is ready for soldering. Continued 
overheating will spoil the bit and may 
damage the work. 


The composition of solders are de- 
fined by the percentage of tin, lead, 
antimony or silver they contain, and 
are selected for use depending upon 
the working conditions of the joint, 
the type of joint to be made and the 
metals to be joined. 

Plumber’s solder is used for joining lead 
pipes and cable joints. It consists of 
29% to 35% tin the remainder being 


COVER OVER 
HEATING ELEMENT 


The Soldering Process 


7. Apply small quantity of flux to joint. 
8. Repeat 4 above. 


9. Run the bit along the joint line allowing 
the solder to flow into and fill the 
joint. Reload bit with solder as 
required. Beware of overloading the 
bit with solder as it will only drip off 
and spoil the work. 


10. Wash and clean part to remove surplus 
and solidified flux. 


11. Clean the bit and allow to cool. Clean 
up any flux lying about on the working 
surface. 


lead with small antimony inclusions, 
This has the property of remaining 
pasty for a considerable time during 
cooling. It becomes liquid at about 
255°C. and does not solidify com- 
pletely until 183°C. is reached; hence 
it can be worked or ‘wiped’ to shape. 
Electrician’s solder is used for making 
joints quickly and has the property of 
melting and solidifying at one tem- 
perature, approximately 183°C. It 
contains 59% to 65% tin, with lead 
as the remainder. 

Tinsman’s solder is a general purpose 
type of solder which melts at about 
224°C. and again solidifies at about 
183°C. It contains 44% to 50% tin 
and may have up to about 3% 
antimony, the remainder being lead. 


METALS WHICH CAN BE 
SOLDERED 


Lead, copper, silver, sheet steel, 
tinplate and tin-zinc galvanized metal 
can, with care, be readily joined by 
soldering, but brass may present 
some difficulty depending upon its 
composition. Bronzes and ‘gunmetals, 
too, may require special care, but 
aluminium and silicon-bronze, beryl- 
lium-copper, cast iron, stainless and 
alloy steels need special fluxes. Zinc- 
based die castings and aluminium are 
extremely difficult to solder and call 
for special treatment. 
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ELECTRICITY 


Chokes and Inductive 


WITCH a battery across a re- 

sistance, and the current in the 
circuit immediately jumps to its full 
value (which depends of course on 
the electrical pressure supplied by 
the battery and the resistance in the 
circuit according to Ohm’s law). But 
replace the resistance with a choke (a 
large coil of wire), and the current 
rises gradually to its full value, again 
determined by the resistance of the 
coil (all wires have a certain amount 
of electrical resistance). Some pto- 


THE CURRENT 
RISES 
IMMEDIATELY 


CURRENT 


TIME 


== SWITCH HAS 
JUST BEEN 
CLOSED 


perty of the coil resists the change in __y 


wire. A steady field on a moving coil 
has the same effect as a moving field 
on a steady coil — the generation of a 
current. 

So as soon as a current starts to 
flow round the coil, it makes a grow- 
ing magnetic field, which generates 
another separate current. The gen- 
erated current could flow in either of 
two directions, either in the same 
direction as the current from the 
battery, or in the opposite direction. 
If it flowed in the same direction, it 
ld.increase the field around the 
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dhately when the switch is 


sad But the current a an inductance rises F slate. Whenever the current in 
a coil of wire changes, a current is generated in the opposite direction, if it has a 


complete circuit to flow around. 
current. This property is called znduc- 
tance, and the ‘resistance’ the coil 
offers to changing currents is called 
inductive reactance. 

When a current flows through a 
wire it sets up a magnetic field around 
the wire. As the current rises or falls, 
the magnetic field rises or collapses, 
1.€. it is a moving field. When the wire 
is coiled into a series of loops the 
magnetic field around one loop cuts 
some of the other loops. Whenever 
moving magnetic fields cut wires, they 
generate a difference in electric pres- 
sure (i.e. an electromotive force or 
e.m.f.) which pushes a current through 
the wires, provided the current has a 
complete circuit to flow around. This 
is one of the two fundamental 
principles of electro-magnetism — the 
generator principle. In the Electric 
Generator (see page 19) a moving 
coil rotates through a steady magnetic 
field and makes a current flow in the 
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coil, which would generate a bigger 
current in the adjacent coils, and the 
process would repeat itself, the current 
rapidly increasing without limit. 

But this is not what we see when 
the battery is switched across the coil. 
In fact, the current slowly builds up 
to a steady maximum. So the current 
must flow in the opposite direction, 
and tends to reduce the total current in 
the coil. The backwards current is 
never as large as the forwards current 
from the battery, which must win in 
the end. As the current approaches 
its maximum value, it changes more 
slowly and the back e.m.f. and the 


A collapsing magnetic field generates a 
current in the opposite direction, and a 
spark across the switch. 


BACKWARDS CURRENT FLOWS IN 
THE OPPOSITE DIRECTION Pa 
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backwards current are therefore 
smaller. When the magnetic field is 
steady there is no backwards current 
at all. 

The more turns of wire there are 
in the coil the more turns each turn 
can affect, or the greater the coil’s 
inductance. Its inductive reactance, the 
resistance - to - change it offers, is 


RED ARROWS INDICATE BATTERY 
CURRENT 


MAGNETIC FIELD 
CHANGES VERY 


CURRENT 


eG 


SWITCH JUST CLOSED 


The back E.M.F. and the backwards 
current in the coil is greatest when the 
current supply is just switched on. 


BACKWARDS CURRENT IS 
SMALLER 


SLOWLY 


An instant later. As the magnetic field 
changes more slowly, the backwards 
current is smaller. 


papper l laa NO ei a ; 
CURRE 


The current has nearly risen to its steady 
value. The magnetic field hardly changes, 
so there is very little backwards current. 


greater. 

Inductance affects a D.C. circuit 
only when the current is switched on 
and switched off. Alternating current, 
on the other hand, is changing its 
direction, to-and-fro, all the time. 
The more rapidly the current changes, 
the more rapidly the magnetic field it 
makes changes, and the greater will 
be the inductive reactance which 
tries to slow down the change. 
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LEFT: A SIMPLE 
COMPASS WITH 


"THE compass is instrument 

BP hick indicates ne direction of 
north and south. It is said that the 
Chinese emperor Hwang-ti had an 
instrument on his chariot which indi- 
cated south. This must have been one 
of the very first magnetic compasses, 
for he lived fully two and a half 
centuries before the birth of Christ. 
The introduction of the compass to 
Europe, via the Arabs, brought about 
a revolution in the art of navigation 
and played a vital role in the great 
voyages of discovery. 

The magnetic compass consists 
essentially of a small magnet in the 
shape of a ‘needle’ which is allowed to 
swing freely on a pivot. Wherever it 
may be, the pivoted magnet will turn 
so that its ends point north and south. 
This is because the Earth itself be- 
haves like a giant bar magnet whose 
axis almost coincides with the axis 
upon which the Earth spins. Since 
unlike magnetic poles attract each 
other (and like poles repel) the 
pivoted magnet in the compass will 
turn so that its north and south poles 
face the Earth’s south and north 


MAGNETIZED ‘NEEDLE’ 


The Magnetic C 
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magnetic poles respectively. Since 
the compass needle indicates the 
direction of the north and south 
it enables other directions to be 
determined. 

The main snag with the magnetic 
compass lies in the fact that the 
north and south magnetic poles do not 
quite correspond to the north and 
south geographic poles (i.e. the ends 
of the axis upon which the Earth 
spins). Thus a compass needle does 
not point towards True North and 
the error is known as deviation. For- 
tunately this is a known error which 
can be allowed for in a compass 
reading. 

Another error in the reading is 
caused by the presence of iron-bearing 
metal in the vicinity of the compass. 
The Earth’s lines of magnetic force 
find it easier to pass through iron- 
bearing metal than air. Hence they 
converge in the metal and produce a 
local magnetic field of greater strength 
than normal which may deflect the 
compass needle from its north-south 
position considerably. Such an error 
is especially marked in a ship. It is 
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ABOVE: A MARINER’S COMPASS 


ompass 


reduced as much as possible by fitting 
compensating magnets around the 
compass and checking it at regular 
intervals. 

In a normal small compass the 
pivoted magnetized needle swings 
above a fixed compass card which is 
marked off with the cardinal points 
(North, South, East and West) and 
further sub-divisions. But in a mar- 
iner’s compass the card itself is 
pivoted, and attached to the under- 
side of it are several strips of mag- 
netized metal to increase the magnetic 
effect. In this case a reference mark 
is drawn on the inside of the compass 
box exactly in line with the keel of the 
ship and the reading on the compass 
card which falls opposite it indicates 
the ship’s course. 

One of the difficulties involved in a 
mariner’s compass is the swinging of 
the compass card due to the move- 
ments of the ship. This is overcome 
by filling the compass bowl with 
alcohol so that the card nearly floats. 
Thin wires attached to the card 
hang down into the liquid and stop 
it from swinging too much. 
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TERMINAL 
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_ TERMINAL BUD 
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A horse chestnut twig in Winter showing 
the scale leaves, leaf scars and the scar of a 


flowering shoot. 
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BIOLOGY 


The Plant Stem 


LANT stems perform two basic 

functions: they support the leaves 
and flowers and they carry water and 
food from place to place within the 
plant. The typical stem is cylindrical 
and may be soft (herbaceous) or woody. 
It is usually branched and leafy. The 
point at which a leaf joins the stem is 
called the node. There are several 
nodes on a stem, each separated by 
leafless internodes. Each node has 
one or more leaves, each of which has 
a bud in its basal angle (axl). These 
axillary buds often remain dormant 
but may produce a branch, especially 
if the main, in stem is damaged. Buds 


can be established 
scar patches. The 
may continue to 
life, giving off b 


ches and ‘Christ- 
cymose branching 
at the main stem 
tinue through life. 
er or dies away and a 
umes the main position 
see illustration). 
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rnal Structure 

The internal structure of the stem 
reflects the function. There are con- 
ducting and supporting tissues. These 
are basically the same in all parts of the 
plant and the description given here 
will cover roots and leaves as well. 


The Brussels sprout, seen here in section, 1s 
a bud, 1.e. it 1s an unlengthened shoot. The 
growing point is surrounded by leaves each 
of which has another smaller bud in tts 
axtl. When the sprout elongates, the region 
(internode) between the leaf-bases will 
become larger and the shoot will assume the 
appearance of a normal stem. 


It is in the arrangement of the tissues 
that roots and stems mainly differ. 
The internal structure is studied by 
cutting very thin sections and exam- 
ining them under the microscope. A 
suitable, easily obtained dicotyledon 
stem for study is that of the sunflower. 
A section of an internode cut.a short 
distance from the tip shows the 
mature primary structure. The epz- 
dermal cells are regular and have a 
waxy cuticle on the outside. The 
cortex,cells are simple and of the 
type known as parenchyma (pa-REN- 
kimma). In the outer cortical region 
the cells have thicker walls for extra 
support and are known as collenchyma 
(coll-EN-kimma) ~ cells.~ “The inner 
layer of the cortex is the starch sheath 
whose cells have starch deposits with- 
in them. Inside this sheath is the 
stele, made up of vascular tissue and 
pith. The conducting (vascular) tissue 
is arranged in vascular bundles. Each 
bundle has on the outside a num- 
ber of sclerenchyma (sclair-EN-kimma) 
fibres. These are elongated cells 
whose walls have been impregnated 
with various chemicals known col- 
lectively as lignin. The fibres have no © 
protoplasm and are therefore not 
living cells. They are tough and © 
elastic, enabling the plant to with- 
stand bending by the wind. The 
phloem (flow-em) is the tissue through 
which manufactured food is trans- 
ported. It consists of elongated sveve- 
tubes with large vacuoles. The ends of 
the tubes are perforated ((steve-plates), 
allowing passage of the food solutions. 
Each sieve tube has a companion cell 
alongside it which appears to regulate 
its functioning. There is usually some 
ordinary parenchyma tissue too. 

The dicotyledon bundles are said 
to be open (i.e. they contain cambium). 
Cambium is the name given to the 
actively dividing...cells..or _ meristems 
in the centre of the bundle. .These 
play an important part in secondary 
growth. The inner part of the bundle 
consists of the water-conducting tissue 
—xylem (zy-lem). There are elongated 
vessels and shorter tracheids (track- 
eeds), although the latter are not 


CAMBIUM 


MEDULLARY RAYS 


The diagram shows the arrangement of 
the vascular bundles in a typical dicoty- 
ledon stem in cross-section. 


LIGNIFIED TISSUES ARE COLOURED 
RED IN ALL DIAGRAMS ON THIS 
PAGE 


PROTOXYLEM 
A small segment of the stem has been greatly 
enlarged to show the arrangement of the 
tissues in cross-section and in longitudinal 
section. 


common. Xylem tissues are dead and 
have lignified walls. They are not 
evenly thickened however. The thick- 
ening is spiral or ringed in the first- 
formed xylem (protoxylem). The later 
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The irregular arrangement of the vascular 
bundles in a monocotyledon stem. 
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vessels have numerous unthickened 
pits through which the water passes to 
neighbouring vessels. The pith and 
the medullary rays are normally of 
simple parenchyma cells. 
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The vascular bundle of a monocotyledon. 
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EPIDERMIS 


Monocotyledon stems differ con- 
siderably from the foregoing. The 
bundles are not arranged in any 
regular pattern and are of the closed 
type, i.e. there is no cambium. 
Strengthening tissue may _ occur, 
especially near the outside. The 
bundles are frequently surrounded by 
sclerenchyma fibres. 


Plant Growth 

The growing point in a stem is 
situated right at the tip. It consists of 
rapidly dividing meristematic cells 
which are without vacuoles. 

Growth takes place just behind the 
tip. The cells produced by the meri- 


stem develop vacuoles and lengthen 


rapidly, producing an elongation of 
the stem. As the cells lengthen they 
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begin to change in character (differen- 
trate). The outer cells develop into 
epidermal cells and very quickly 
tiny leaves arise and cover the grow- 
ing point. Other cells give rise to the 
cortex, while certain columns of cells 
retain their ability to divide and are 
known as the pro-cambial strands. In 
the elongating region the first con- 
ducting tissues (protoxylem and proto- 
phloem) are formed from the procam- 
bial strands. The vascular tissues 
RAPIDLY 
DIVIDING CELLS 
--+- Gee ee OF GROWING 
POINT 
ZONE OF 
ELONGATION 
DEVELOPING 
VASCULAR 
TISSUES 
STRENGTHENING 
FIBRES 
METAXYLEM AND 
PHLOEM 


PITH 


EPIDERMIS 
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A diagrammatic longitudinal _ section 
through a stem tip to show the differentia- 
tion of the tissues from the meristems of the 
growing point. 
lengthen very rapidly to form the 
conducting strands. At about the 
same time the first strengthening 
tissues (sclerenchyma fibres) develop 
on the outside of the phloem. The 
procambial strands continue to pro- 
duce vascular tissue beyond the elon- 
gating region until only a narrow 
band of cambium remains. 
Secondary thickening occurs to 
some degree in most dicotyledons and 
is especially marked in those with 
perennial (persistent) aerial parts (i.e. 
woody plants). It involves the laying 
down of extra vascular and strength- 
ening tissue necessitated by the in- 
creased size of the plant. Some of the 
cells of the medullary rays become 
active again and join with the cam- 
bium of the vascular bundles to form 
a meristematic ring. Secondary xylem 
and phloem are then formed. The 
xylem tissues build up inside the 
cambium and force it and the phloem 
further from the centre. A tree trunk 
consists mainly of xylem tissue, with a 
thin layer of phloem near the outside. 
In areas with well-marked seasons the 
xylem shows annual rings. In the 
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Modified stems 


Stems frequently perform other functions 
in addition to or instead of their basic 
ones. The chief modifications are con- 
cerned with food storage and vegetative 
reproduction. Runners are long thin stems 
which spread over the ground surface and 
produce new plants some distance from the 
parent. Strawberries reproduce rapidly 
in this way. Horizontally-growing under- 
ground stems are termed rhizomes. They 
may be food stores, as in Irises, or merely 
reproductive shoots, as in some Grasses. 
Potatoes are swellings (tubers) arising on 
the underground parts of the stem. They 
serve as food stores and reproductive 
organs. These underground stems can be 
distinguished from roots by the presence 
of scale leaves and buds. Corms are special 
types of underground stems. They are 


swollen with food reserves and carry a 
number of scale leaves. One or more buds 
are developed in the axils of the leaves and 
these buds produce the flowering shoot. 
The base of each new shoot forms a new 
corm. Corms are distinct from bulbs. The 
latter are small underground stems with 
a number of fleshy scales in which food 
material is stored. In both corms and bulbs 
the flowering shoot is fully formed under- 
ground and grows rapidly when environ- 
mental conditions are suitable. Next year’s 
shoot develops in the axil of one of this 
year’s leaves. 


POTATO TUBER 


SHOWING BUDS (EYES) CORM 


Spring, when the sap is rising, the 
xylem consists mainly of large vessels, 
but in Autumn there is a high propor- 
tion of fibres. In cross-section Spring 
and Autumn wood are very different, 
producing the ringed effect. Second- 
ary phloem does not build up a thick 
layer because the cells are un- 
thickened and are sooner or later 
crushed by the pressure of the expand- 
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SURFACE RUNNER OF 
STRAWBERRY WV 


Climbing stems are fairly common. They 
may climb by coiling round a support ce 
Runner beans), by using tendrils (e.g. 
Vines) or by using hooked prickles to 
scramble over the vegetation (e.g. Black- 
berry).. Protective spines often occur as 
stem modifications (Hawthorn) or as stem 
outgrowths (Rose). Stems are in some 
cases modified to perform as _ leaves. 
Butcher’s Broom has very leaflike branch 
stems and its leaves are tiny scales. The 
stems of cacti also act as leaves (and water 
stores too). Stems acting as leaves are 
called phylloclades. 
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LEAF-LIKE STEMS 


ing xylem tissue. This tension usually 
breaks down the epidermis too and its 
protective function is taken over by 
the phellem (fell-em). This is a corky 
tissue formed from a layer of cortex 
which becomes meristematic. The 
phellem is a dead tissue and cuts off 
food from all tissues outside it. These 
tissues also die and as a whole they 
form the bark of a tree. 
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eee 
(VARIABLE 


RESISTANCE) 


ALTERNATING CURRENT 
SUPPLY 


SMALL RESISTANCE 


SMALL IMPEDANCE OR OPPOSITION 


LARGER RESISTANCE 


LARGER IMPEDANCE. THE 
SAME VOLTAGE GIVES A 
SMALLER CURRENT 
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URRENT THROUGH 
RESISTANCE 


VOLTAGE FROM THE SUPPLY 


CURRENT LAG AND LEAD 


A CURRENT flowing around an 

Ph seetiic circuit may meet with 
three different kinds of opposition, or 
impedance. They are caused by re- 
sistance (R), inductance (L) and 
capacitance (C). 

Of these, resistance is the easiest 
to understand, because it has the 
same effect on both direct, steady, 
currents and on alternating, to-and- 
fro, currents. When the electrical 
pressure difference, or voltage, across 
the two terminals of a resistance 
changes, the current changes immedi- 
ately. If the voltage rises, the current 
rises; and if the voltage falls, the 
current falls, and so on. Current and 


INDUCTANCE 


ALTERNATING’ CURRENT 
SUPPLY 


A changing current in a coil makes a changing magnetic field around it (see page 592). 
age across the coil increases quickly as it tries to send a current through the coil. 


INDUCTOR 
(COIL OF INSULATED 
WIRE) 


voltage are said to be in phase. 

Inductors (L) and capacitors (C) 
behave quite differently. In ‘L’ cir- 
cuits a rise in voltage is accompanied 
by a rise in current, but this rise is 
delayed by a back e.m.f. (see page 
592) generated in the inductor. As 
the voltage rises and falls, the current 
rises and falls, but a fraction of a 
second later. So the current flowing 
through the inductor is always lagging 
behind the voltage, and current and 
voltage are said to be out of phase. 

In ‘C’ circuits, on the other hand, 
the current in the circuit must first 
flow to the two plates of the capacitor 
(‘round’ the circuit from plate to 


SMALL INDUCTANCE 
SMALL IMPEDANCE 


7 
aw” NET CURRENT THROUGH 
THE COIL 


VOLTAGE FROM 
THE SUPPLY 


plate and not across the gap between 
the plates) to make a pressure differ- 
ence across them. As the current 
rises, the voltage between the two 


plates rises; and as the current 
falls, the voltage falls, but the volt- 
age follows the current’s lead a frac 
tion of a second later. Current and 
voltage are again out of phase, only 


LARGER INDUCTANCE 


LARGER IMPEDANCE. 
SAME VOLTAGE GIVES 
A SMALLER CURRENT 


At the start of the alternating current cycle the volt- 
ut as soon as the current starts to go through the coil, 


it makes a rapidly changing magnetic field which results in a force (called an electromotive force, or e.m.f. for short), pushing another cur- 
rent of electrons back in the opposite direction. At the start of the cycle the voltage from the supply changes so quickly that it generates 
a large back e.m.f. So there is a net back e.m.f. and a backwards current. As the supply voltage approaches its maximum, it increases 
more slowly and the backwards current ceases to flow. The net current in the coil reaches zero a quarter of a cycle later than the voltage. 
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CAPACITANCE 


METAL PLATES) 


CAPACITOR i OF CONDUCTING 
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aw 


ALTERNATING CURRENT 
SUPPLY 


in ‘C’ circuits the current is always 
leading the voltage. 


One complete cycle of an alternat- 
ing current consists of a rise (in 
current or voltage) up to the positive 
maximum, followed by a drop, 
through zero, to the negative maxi- 
mum voltage, and a subsequent rise 
back to the zero starting point. A 
‘positive’ current means that electrons 
flow in one direction round the 
circuit, while a ‘negative’ current 
means that they surge round in the 
opposite direction. 

In a circuit containing only resistance, 
the positive surges of current and the 
positive increases in voltage coincide. 
But in a circuit containing only 
capacitance the surges of current occur 


THE CAPACITOR AND 


INDUCTOR ARE CON- 


> bo 


CIRCUIT IS ‘TU 


SO THAT BOTH OFF 
THE SAME IMPEDANCE, 


THE CURRENT T 


NECTED Brg od THE 
SAME ALTERNATING 
SUPPLY. WHEN THE 


LARGE CAPACITANCE 
SMALL IMPEDANCE 


SMALL CAPACITANCE 


LARGER IMPEDANCE. THE 
SAME VOLTAGE GIVES LESS 
RENT 


CURRENT ROUND 


THE CIRCUIT 


VOLTAGE FROM SUPPLY 


a quarter of a cycle before the increase 
of voltage across the capacitance. In 
a circuit containing only inductance 
the current surges occur a quarter of 
a cycle later. 

Suppose a capacitor and an induc- 
tor are both connected across an 
alternating voltage supply (i.e. con- 
nected in parallel), then the same 
voltage sends a current through each. 
But in the ‘C’ part of the circuit 
the current leads the voltage and in 
the ‘L’ part the current lags behind 
the voltage. If the values of induct- 
ance and capacitance are selected 
so that both offer the same impedance 
at the frequency of the alternating 
current supply, then the current 
through both ‘L’ and ‘C’ parts 
will be equal. But since one is a 
quarter of a cycle behind the volt- 
age, and the other is a quarter of a 
cycle in front of the voltage, there 
is a difference of phase of a half cycle 
between the currents in the ‘L’ and 
‘C’ parts. As one current is positive, 


THE NET CURRENT IS ZERO 
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PARALLEL TUNED CIRCUIT 


the other current is negative (i.e. 
flowing in the opposite direction) and 
the same size as the positive current. 
So the two currents cancel each other 
out, and as a result no current flows 
out of the ‘L’ and ‘C’ combination, 
although there is an electrical pressure 
(voltage) connected across the pair 
of them. So the inductor-capacitor 
pair offer a very large opposition or 
impedance to electric current, far 
larger than their separate impedances. 

This arrangement is called a 
parallel tuned circuit or rejector circuit, 
because it will not allow through 
current of a particular frequency, the 
frequency at which the impedance 
of the capacitor is equal to the 
impedance of the inductor. Then the 
currents flowing through both parts 
are equal and opposite in direction. 
At any other frequency the two 
impedances will not be quite equal, 
the two currents will not quite cancel 
each other out, and some current will 
be able to flow right round the circuit. 


UN-TUNED CIRCUIT 


THE TWO CURRENTS DO 
NOT CANCEL, SO SOME 
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A PARALLEL TUNED CIRCUIT 


| PICTORIAL SUMMARY 


Hydrostatics is the branch of science 
which deals with the forces and 
pressures that are acting within 
liquids and gases, how these forces 
affect any surface they touch, and to 
what use they can be put. The sub- 
ject covers problems ranging from 
deep-sea diving to aeroplane alti- 
meters, from floating and sinking 
to the design of a hydraulic car jack. 


Floating and Sinking 


Archimedes’ Principle 


1000 GMS 


1000 GMS. 


875 GMS. 


[125 cms. 


Archimedes discovered that if any object is either partly or totally submerged in a fluid, 
then its apparent loss of weight (the upthrust that the fluid exerts on the object) is equal 
to the weight of the fluid that the object displaces. This is known as Archimedes’ principle. 


because a high pressure -is exerted on 
the sand. The heels of someone walking 


~~ barefoot only make:a‘slight impression. 


The pressure here is much less because 
the weight of the body is being spread 
over a much greater area. Pressure 
depends on two things: the force applied 
and the area over which itis acting.- It 
is usually expressed in pounds per square 
inch. Liquids also exert pressures Which 
are expressed in the same units. 


High heels sink deeply into the sand ~ 


Water pressure increases with depth. 
Pressure in the sea increases by about 
4} |b./sq. in. for every 10 feet below 
the surface, At the surface, the pressure 
exerted by the atmosphere is 14-7 Ib./sq. 
in. At 100 feet down water pressure is 
about 60 Ib./sq. in. Dams have to be 
built with thick strong bases to with- 
stand these high pressures. 
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Deep Sea Diving 


At 100 feet down, water 
pressure is about 60 


Ib./sq. 


At 200 feet down water 
pressure is 105 Ib./sq. 


in. 


At 300 feet down water 
pressure is about 150 
Ib./sq. in. (about 10 
times the normal pres- 
sureoftheatmosphere). 
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The high pressures acting deep below the surface of the water would crush the diver. 
His muscles would not be strong enough to expand his chest and breathing would be 
prevented. 

The-diving suit is filled with air at the same high pressure as the water. The diver 
breathes in this compressed air so that the pressure inside his lungs is equal to that 
_. outside and he does not feel the crushing weight of the water. mes a — 
—— Vv to-300 feet-can” be dangerous because. the high essure=ni eathe ee ~~ 
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The Atmosphere Exerts a Pressure 


The atmosphere, too, exe Spread 


The pressure of the air iia on any 
‘surface with which it is in contact. 


STEAM 
DRIVES 
OUT AIR 


a. 


The can does not col- 
lapse because the pres- 
sure of the air on the 
inside is balanced by 
that acting on the out- 
side. 


ie 
A small amount of water 
is boiled in the can, which 
is then sealed. 

AIR PRESSURE 


STEAM IS COLLAPSES CAN 
CONDENSED ~~ 
Pd — 
Nig 
TOP IS 4 
PUT ON  —— 


The can collapses because there 
is very little balancing pressure 
to resist the pressure of the air 
pushing inwards. This air pres- 
sure is pushing with a force 
equal to 14:7 Ib. over every 
square inch of surface. 


The con@€nsation of 
the steam on cooling 
leaves a ‘vacuum’ in- 
side the can. (Actually 
there will still be some 
water vapour inside). 


TUNNEL UNDER 
CONSTRUCTION 
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of compressed air. The men verte inside are surrounded by compressed air. As ae pressure is the same 
as that of the compressed air in their lungs, no discomfort is felt. 
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Barometers 


The barometer is an instrument for 
measuring the pressure of the atmos- 
phere. There are two types. The mer- 
cury barometer works by measuring what 
height of mercury the atmospheric pres- 
sure is capable of supporting. Higher 
pressures can support higher columns. 
The aneroid barometer consists of a 
partly evacuated, thin-walled metal box. 
High pressures push the walls in a lot 
and low ones not as much. This move- 
ment is translated into the movement 
of a lever across a dial. 


Altimeter 


The altimeter is an aneroid barometer 
designed to measure the height above 
sea level in feet. As the distance from 
the Earth increases the air becomes 
thinner and the pressure drops. The 
pressure is an indication of the height 
above sea level. 


Hydraulic Jack 
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When a force is applied to a liquid the 
liquid transmits it equally in all direc- 
tions. Pushing down on one column of 
water creates an upward force in the 
other. 
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Siphon 


ATMOSPHERIC 
PRESSURE 


ATMOSPHERIC PRESSURE - : 


The siphon is used for transferring liquids from 
a container on a higher level to one lower down. 
A tube dips into the higher tank to drain the 
liquid from it. The siphon has to be started by 
sucking the liquid over the highest part of the 
tube. The liquid flows from the higher pressure 
inside the end of the tube to the lower (atmos- 
pheric) pressure outside. : 
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Pumps 


CYLINDER ——— 


ATMOSPHERIC 

PRESSURE LIFTS 

WATER INTO 
CYLINDER 


LIFT PUMP pa 


Pumps work on the principle that the pressure of the atmos- 
phere pushing on the water surface is capable of supporting 
a column of water 34 feet high. In the lift pump the atmos- 
pheric pressure can be made to lift water this height from 
the underground water supply (because of imperfections in 
the pump, in practice the distance is not more than 28 feet). 
The force pump is used for distances greater than 28 feet. 
Air pressure lifts water to the cylinder of the pump (placed 
underground within 28 feet of the water surface). The 
water is forced up the rest of the way. 


VALVES 


ATMOSPHERIC 
PRESSURE 
LIFTS WATER 
INTO CYLINDER 
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| FORCES 


PREVIOUS articles (see pages 384 and 493) have shown 

how, in simple machines such as levers and pulleys, 
quite small forces can be used to move much larger 
loads. The amount of useful work which can be done by 
any machine (i.e. the resistance or load x the distance 
through which it is moved) is always less than the total 
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If the small gear (12 teeth) rotates once, the large gear (48 teeth) 
turns one quarter of a revolution. The velocity ratio of the 
system is 4. 
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work put into the machine (i.e. the effort x the effort 
distance). This is because work also has to be done in 
moving: parts of the machine and in overcoming frictional 
forces in the moving parts. 

A pulley system is said to have a velocity ratio of four, 
if, in order to raise the load one foot, the effort must be 
moved through four feet. The movements through these 
two distances are completed during the same period of 

CUT AWAY TO SHOW 
DETAILS OF CLUTCH. 
(OIL IS FORCED INTO 
GAP BETWEEN PLATES 


AND ENGAGES OUTER 
WHEEL) 


REVERSING 
GEAR WHEEL 


WHEEL ‘A’ USED WHEN PRO- 
PELLER IS TO ROTATE IN DIR- 
ECTION OPPOSITE TO THAT 
OF DRIVING SHAFT 


; OT ETRRELEL 


WHEEL ‘B’ USED WHEN PRO- 
PELLER IS TO ROTATE IN SAME 
DIRECTION AS DRIVING SHAFT 
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44 IN. WHEEL IS 82 IN. 


time, so that the velocity of the effort is four times the 
velocity of the load. Really this is what is meant by 
velocity ratio, although this is often much easier to 
calculate by considering the corresponding distances 
moved by the effort and by the load. 

There are certain circumstances in which the speed of 
a motor is not directly suitable for driving a particular 
machine. However, by means of a set of toothed wheels, 
or gears, it is possible to turn the machine at the speed for 
which it is designed. Such a system is particularly useful 
where a machine is driven by certain types of electric 
motor which have fixed speeds. Thus if the speed of 
the motor is 600 revolutions per minute, but the machine 
is only to turn 150 times in a minute, the gear wheel 
attached to the machine will have to turn at a quarter of 
the speed of that on the motor. This can be achieved if 
the motor gear wheel has 12 teeth while the one on the 
machine has 48 teeth, since one revolution of the small 


FOR EAC 
COMPLETE TURN 
OF THE | ee 
WHEEL A8 LINKS 
ARE MOVED FORWARD 


48 TEETH 
ON CHAIN 


WHEEL as 


16 TEETH ON SPROCKET, SO 
SPROCKET AND WHEEL MAKE 
3 COMPLETE TURNS FOREACH of 
TURN OF THE CHAIN WHEEL — 
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DISTANCE ae 


PEDAL CIRCLE IS DISTANCE ROUND 


In turning the chain-wheel once, the pedals move through 44 in., 
and as a result the wheel of the bicycle (circumference 82 in.) makes 
3 revolutions. The velocity ratio is 44~—(3 x 82)=0°18. 


Gears for Marine Engines 


Many cargo vessels, ferry boats, minesweepers and tugs are 
now driven by internal combustion engines, and the current 
trend is for high-speed engines to be used. These have the 
advantage that they are smaller and lighter than the former low- 
speed engines, but the speeds of the propeller shafts need to be 
low in comparison, so that a reduction gear has to be incorporated 
in the transmission. It is convenient for the reduction gear to be 
a part of the unit which also contains the means of reversing. 
The diagram shows an oil-operated reverse-reduction marine 
gear. This gear-box contains two oil-operated couplings or 


LARGE HELICAL GEAR FOR REDUC- 
= TION OF PROPELLER SPEED. ALSO 
~ _ CHANGES DIRECTION OF ROTATION. 


wheel, engages 12 teeth of the large wheel, turning it 
through 32 =4 of a revolution. 

As stated earlier, the velocity ratio of a machine 
may be defined as the velocity of the effort divided by 
the velocity of the load, so that the velocity ratio of the 
system of gears considered above is 4. This same figure 
is obtained by dividing the number of teeth on the 
machine (load) gear wheel (48) by the number on the 
motor (effort) wheel (12). The gear ratio is written as 
12:48 ori: 4. 

For this first example it has been assumed that the pair 
of gear wheels are in mesh, and by this means the rota- 
tional energy in one shaft is transmitted to the second 
shaft. However, it is not always convenient to have the 
two gears directly linked. An alternative is to have the 
two wheels linked by an endless belt or chain. 

A chain system is used in bicycles. The rider does work 
by turning the pedals which causes the chain-wheel to 
rotate. By rotating the chain-wheel, the chain is put in 
tension, and the motion is transmitted to the rear 
wheel of the bicycle through another toothed wheel or 
sprocket. 

If there are 48 teeth on the chain-wheel and only 16 
on the sprocket, one revolution of the chain-wheel 
results in the sprocket, and hence the rear wheel of the 
cycle, making three revolutions. From what has been 
said above, the velocity ratio of the gears on this machine 
is 1§ = j. 

A more realistic figure for the velocity ratio of the 
bicycle as a whole is obtained by considering the distance 
moved by the pedals in relation to the distance the cycle 
moves forward. Assuming the cranks are 7 in. long and 
the wheels are 26 in. in diameter, the pedals will move 
about 44 in. for each turn of the chain wheel, while 
the bicycle will move forward 3 X 82 in. (the circum- 
ference of a 26 in. wheel being 82 in.). The overall 
velocity ratio of the bicycle then becomes 3#45 = 0°18. 


clutches, and by means of these either the forward or the reverse 
gear may be engaged. (The control system has been designed so 
that only one of the gears can be engaged at a time.) The shaft 
driven by the engine passes through both clutches. If this shaft 
is engaged with the clutch inside the wheel marked A, the small 
helical gear rotates in the same direction as the shaft. However, 
if the clutch inside the wheel marked B is engaged, the motion 
of this wheel is transmitted to wheel A by the small reversing 
gear wheel, so that wheel A and the helical gear rotate in the 
reverse direction. Reduction in the speed of rotation is achieved 
by the last pair of gear wheels. 


A bevel gear, for chang- 
ing the plane of rota- 
tion. 


art 


~~ Rotation of the screw 
causes this gear to turn. 


Helical gears, in which 
the teeth are set at an 
angle, are used if there 
is a large thrust on the 
teeth. 


An internal gear is more compact and is useful if space is 
limited. 


INORGANIC CHEMISTRY 


THE HARDNESS OF WATER 


WASHING in hard water leaves 

behind a nasty unpleasant scum 
floating on the water surface. If 
clothes are being washed in it this 
scum tends to stick to the clothes and 
is difficult to rinse away. This is not 
the only disadvantage. Hard water is 
also a great waster of soap. First of 
all, the soap goes to make the scum, 
and after that has been formed, more 
soap has to be used for the actual 
washing process. Sea water, which is 
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Temporary hardness of wat 


Falling raindrops react with the carbon 
dioxide in the air to become weak solutions 
of carbonic acid. Carbonic acid reacts with 


the limestone, making a weak solution of 


calcium bicarbonate. 
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extremely hard, is almost impossible 
to wash in because of this scum. 

For washing, it is much better to 
use soft water as there is no forma- 
tion of scum and consequently no 
wastage of soap. This is pleasant 
water to wash in. In districts where 
the water is hard, rainwater is some- 
times collected from the rooftops for 
washing purposes. This water has 
not flowed over any of the country- 
side and has not had the opportunity 
to dissolve any of the minerals that 
would make it hard. Industry needs 
large amounts of soft water for wash- 
ing purposes. This applies in par- 
ticular to the textile industry. 

Incidentally, often the hard water 
tastes better than the soft because of 
these dissolved minerals. There is 
no advantage in collecting soft water 
for drinking. 

Kettles which have been consis- 
tently used for boiling soft water 
remain quite clean inside, but if a 
certain type of hard water has been 
boiled, a yellowish-white rock-like 
deposit collects on the bottom. This 
deposit is in fact chemically the same 
as chalk or limestone. It is calcium 
carbonate. This rock layer on the 
kettle bottom wastes heat. It can be 
removed from time to time with an 
acid such as vinegar, but nevertheless 
is a nuisance. This is of trifling 
importance compared with the in- 
convenience it could cause (were the 
water not softened prior to the boil- 
ing) in industries where large quan- 
tities of hot water or steam are 
needed. After boiling, the water no 
longer forms a scum with soap, i.e. it 
is now soft water. This kind of hard- 
ness is known as temporary hardness 
because it is destroyed by heating. 

It became hard in the first place by 
flowing over deposits of limestone or 
chalk (both calcium carbonate) and 


dissolving small quantities of them. 
When the water is being softened by 
boiling, the limestone or chalk is 
redeposited on the bottom of the 
kettle. The way in which the lime- 
stone goes into solution is more com- 
plicated than this. As the raindrops 
fall through the air, they absorb 
carbon dioxide gas (air is 0°03% 
carbon dioxide) and become drops 
of‘a weak solution of carbonic acid. 
es a 
dioxide acid 

This acid eats away and dissolves the 
chalk or limestone, becoming itself a 
solution of calcium bicarbonate which 
is responsible for making the water 
hard. 


H,CO,+ CaCO, = 
carbonic calcium 
acid carbonate 


Ca(HCO,), 
calcium 
bicarbonate 


The chemical name of soap is 
sodium stearate. When it is in con- 
tact with this hard water the calcium 
ions of the calcium bicarbonate 
change places with the sodium ions 
of the sodium stearate. Calcium 
stearate forms as the unwanted 
scum. 

When temporarily hard water is 
being softened by boiling, the cal- 
cium bicarbonate solution is decom- 
posed by the heat into water, carbon 
dioxide (which bubbles off) and cal- 
cium carbonate which is deposited 
on the bottom of the vessel. All 
unwanted calcium ions have been 
removed from the solution. 

CaCO, 


calcium 
carbonate 


+ H,0 
water 


Ca(HCO,), = 
calcium 
bicarbonate 


* Ste 
dioxide 
The other type of hard water is 

known as permanently hard water be- 

cause, unlike temporarily hard water, 
it is not softened by boiling. As no 
chemical reaction takes place on 
heating and there is no deposit on the 
bottom of the vessel, this type of hard 
water can be used in the hot-water 

systems of factories without any ill 

effects, but if the water is being 

boiled away to make steam, then 


Battery of Permutit water softeners in use in 
a municipal pumping station. 


these salts are left behind and form 
boiler scale. Permanent hardness is 
caused by the water flowing over 
deposits of chlorides or sulphates of 
magnesium, calcium or iron. The 
iron, magnesium or calcium ions in 
the hard water react with the soap, 
making insoluble scums of iron, mag- 
nesium or calcium stearate. 

The Softening of Hard Water 

Although hard water can be 
softened by distillation, this method 
is only economical for small quantities 
of water because of the high cost of 
heating. In some factories where 
much steam is used the soft water 
condensing from it can be used over 
and over again rather than softening 
fresh supplies. When water is dis- 
tilled, the unwanted salts remain 
behind and the pure steam coming off 
condenses to give soft water. 

Some methods of softening water 
work by removing the unwanted 
calcium, iron and magnesium ions 
from the water by exchanging them 
for ions which do not form insoluble 
scums with soap. This is known as 
ion exchange. Resins called ion 
exchange resins have been developed 
to do just this. Ion exchange softeners 
can soften both permanently and 


temporarily hard water. The exact 
design depends upon the hardness 
of the water being used. 

‘Permutit? is a well-known ion 
exchange resin used both industrially 
and in the home for softening water. 
It is a complex sodium salt. The 
sodium ions go into solution and the 
unwanted ions, e.g. calcium ions, take 
their place in the complex salt. All 
sodium salts are soluble in water and 
so the sodium salt in the solution is 
incapable of forming an insoluble 
scum with soap. 


+ sodium = 
Permutit 


calcium 


+ sodium 
sulphate 


sulphate 


calcium 
Permutit 


The sodium Permutit is gradually 
used up and the softener becomes less 
efficient. When this happens, the 
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Magnified beads of ion exchange resin. The 
beads are really no larger than a pin head. 


sodium Permutit is regenerated by 
pouring a strong solution of brine 
through the resin. 


+ sodium 
Permutit 


calcium 
chloride 


eek cna 
In this way one lot of resin can 
be used over and over again. 
Although there are many household 
resin water softeners in use, washing 
soda is still in great demand for 
softening both temporarily and perm- 
anently hard water. Unwanted cal- 
cium in solution, either as sulphate 
or bicarbonate, is removed from the 
solution as small solid particles of 
chalk. The sodium salts entering the 
solution do not make the water hard. 


CaSO, 
calcium 
sulphate 


+ NagCO, = CaCO, 
sodium calcium 
carbonate 


(chalk) 


+ NaSO, 
sodium 


carbonate sulphate 


— 
Temporary hardness can also be 
removed by adding a carefully cal- 
culated amount of quicklime. The 
quicklime is first slaked to form 
calcium hydroxide which dissolves in 
the water, reacting to make the 
offending calcium in the calcium 
bicarbonate come out of solution as 
chalk (calcium carbonate) particles. 


Ca(OH), 
calcium 
hydroxide 


2CaCO, + 2H,O0 
calcium water 
carbonate 

(chalk) 


+ Ca(HCO,), = 
calcium 


bicarbonate 


This is definitely not a household 
method. Bleaching powder (made by 
passing chlorine over slaked lime) is 
used for simultaneously softening and 
chlorinating piped water supplies. 


Section of a water pipe lined with the scale 
deposited by hard water. 
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A BLUE FILTER LETS 
THR H THE 

COLOURS WHICH 

FORM BLUE LIGHT 


\ N 
A GREEN 
eg > FILTER LETS 
4 THROUGH THE 


COLOURS WHICH 
RM _ GREEN 


ALTER” Cers we K 


THROUGH THE COLOURS~_ 
WHICH FORM YELLOW 
LIGHT 


White light is split up into 
— — iis spectrum by a_ prism, 
passed through a colour filter, 
and the colours which get 
through are recombined by a 

. second prism. 


A_RED FILTER 


RED LIGHT 


THE ACTUAL SPLITTING 

oy LIGHT IN THESE 
IAGRAMS IS 

EXAGGERATED 


OWING Sis LIMITATIONS or COLOUR 
PRINTING THESE COLOURS MAY NOT 
BE EXACTLY CORRECT . 
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UNLIGHT, or ‘white’ light, is a 

mixture of the different colours of 
light—red, orange, yellow, green, 
blue, indigo and violet—which to- 
gether make up the vwiszble spectrum. 
An ordinary transparent glass win- 
dowpane lets practically all the light 
striking it pass through. But coloured 
glass transmits only a portion. Red 
glass lets through mainly red light, 
blue glass mainly blue, and so on. 
Light rays entering the coloured glass 
are filtered, some of them being ab- 
sorbed and a certain number being 
allowed to filter through. A yellow 
glass filter, for instance, may let 
through some green, orange and red 
light as well as yellow, but it absorbs 
these other colours more than it 
absorbs yellow. So the overall ap- 
pearance of light transmitted through 
a yellow filter is yellow. 

Combinations of colour filters can 
change the appearance of a beam of 
light. Take, for example, the com- 
bination of red and green filters. One 
transmits mainly red and the other 
mainly green. So a combination of 
the two will transmit hardly any light 
at all. 

Colour filters are often used in 


black-and-white photography. The 


the red to the green, absorbing a 
little of the blue and violet, and 
absorbing all the invisible rays beyond 
the violet—the ultra-violet rays. Al- 
though these rays cannot be seen by 
the eye, they may be detected by 
the photographic paper. Light reach- 
ing the camera from bright blue or 


A combination of blue and yellow filters 
transmits no light. 


white objects—a blue sky or white 
snow—will contain ultra-violet rays. 
Without the filter these rays would 
blacken the photographic negative, 
so that the black-and-white posctzve 
print shows the sky or snow to be 
lighter than they appeared to the eye. 
The pale yellow filter corrects the 
balance of light and shade in the 
photograph by supplying the camera 


The scene on the left photographed without (centre) and with (right) a pale yellow 
colour filter. 


filter, a disc of stained glass with 
polished parallel sides, is attached in 
front of the lens of the camera to 
stop part of the light from reaching 
the light-sensitive paper inside. A 
pale yellow filter makes daylight 
scenes appear, in black-and-white, 
more realistic. This filter transmits 
all the colours of the spectrum from 


with only the visible colours. 

A darker yellow filter cuts out 
more of the blue and violet end of 
the spectrum. Since less blue light 
now reaches the camera, blue objects 
appear darker on the final print, or 
positive. White cloud formations will 
stand out more starkly against the 
darker background. 


| MEDICINE | 


An Introduction to 


BACTERIOLOGY 


ACTERIA are minute, single- 

celled organisms, so small that 
they cannot be seen with the naked 
eye. The largest ones are only about 
te00 inch long. Yet the activities of 
bacteria are not only essential to life 
but they may also destroy it. Most 
are useful, however. For example, 
some are essential to the processes of 
decay, helping to break down the 
dead remains of plants and animals 
and thus making available materials 
that plants can absorb through their 
roots. Others have the ability to use 
atmospheric nitrogen in the building 
up of nitrates—mineral salts that are 
vital for healthy plant growth. Many 
of the bacteria present in the gut of 
animals break down food materials 
and thus make available substances 
that the animal would otherwise be 
unable to obtain. Some bacteria are 
employed in important industrial pro- 
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it can obtain the energy needed to 
grow and reproduce. The variety of 
materials that different bacteria use 
as food is remarkable. Some obtain 
their energy by oxidizing ammonium 
compounds, others (the sulphur bac- 
teria) use sunlight (just as green plants 
do) to form carbohydrates from car- 
bon dioxide and hydrogen sulphide, 
and the iron bacteria oxidize iron 
compounds. Yet others can grow 
and reproduce only inside other living 
things. 

Medical bacteriology is concerned 
with the bacteria that live in animals, 
particularly the ones that infect man. 
Many of these have lost the ability to 
utilise inorganic substances and have 
become parasitic, relying on their hosts 
to provide them with ready-made food. 
Most of these can reproduce only in- 
side their hosts, though they may be 
able to survive outside the host by 


DIVIDING CELLS @ CONIDIA 
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Reproduction in bacteria. Typically this takes place by division of the cell into two. 
(Left) The nuclear material and the protoplasm are shared out between the two daughter 
cells. (Centre) Some species bud off spores called conidia from aerial filaments. 
(Right) Spore formation inside a bacillus—stages show, from left to right, parent bacil- 


lus, breakup of parent, spore. 


cesses—in the manufacture of acetic 
acid and cheese, for example. 

The most obvious effect of bacterial 
activity, however, is disease. Many 
bacteria live on or in the body with- 
out ever causing disease, but some 
may invade the tissues when con- 
ditions are suitable. Disease-produc- 
ing bacteria are called pathogens. It is 
fortunate that only a small proportion 
of the species of bacteria are patho- 
genic, but even so the list of diseases 
that they cause is a lengthy one (see 
page 98). 

Each bacterium is a living unit 
that has the ability to manipulate 
its surroundings in such a way that 


forming a protective coat or spore. 
Bacteria may be arranged into 
three groups according to their shape: 
rod-shaped forms (bacilli), spherical 
forms (cocci), and curved or spiral 


A diagram showing the typical structure of 
a bacterium. Note the distinct cell wall 
and the distribution of the nuclear material 
throughout the cell. 


forms (spirillz). 

Most bacteria have a rigid cell 
wall. Although they have no nucleus 
like that of typical plant and animal 
cells, there is nuclear material scat- 
tered through the cell. Bacteria re- 
produce only by division. Usually the 
cell elongates prior to splitting across 
the middle. Sometimes the separation 
is incomplete and a ‘double bacter- 
ium’ is formed such as the dzplococcus 
that causes pneumonia. Repeated 
division without complete separation 
may produce long chains (e.g. strep- 
tococci and streptobacilli). 

Some bacteria are able to move of 
their own accord, either by means of 
wriggling movements or by lashing 
whip-like hairs or flagella—this is 
only possible in moist situations—but 
the majority are distributed by means 
of wind, water and animals. 

Some bacteria are aerobic; that is, 
they can live only in the presence of 
free oxygen. Others are anaerobic, and 
can live only in the absence of free 
oxygen. Thus aerobic forms (aerobes) 


Some bacteria are able to move about. (Left) Three forms that possess cilia or flagella. 
The lashing movements of these enable them to move in liquid surroundings. (Centre) 
A spiral form that can move by making bending motions. (Right) A form that moves 
by creeping. 


are active in such situations as open 
wounds and the lining membranes of 
the nose, throat and lung passages. 
Examples are those bacteria that 
cause colds, and sepsis in wounds. 
The organisms that cause tetanus and 
gas gangrene are anaerobes and norm- 
ally infect deep wounds. 

The effects of bacteria on the body 
vary considerably. By invading the 
tissues they may destroy vital cells 
so that a part is weakened or unable 
to work. But the main effect of a 
bacterial attack is produced in most 
cases by the chemical substances that 
they release during their growth or on 
their breakdown after they die. These 
substances are called toxins and are 
generally characteristic for particular 
bacteria producing a characteristic 
disease. Thus the anthrax bacillus 
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Bacteria are found in the sea, in fresh- 
water, in the air and in soil. Large num- 
bers live in or on animals, and river water 
containing sewage effluent is a rich source. 


Three types of pathogenic bacteria. (Top 
left) The bacillus that causes diphtheria. 
(Right) A snake-like spirillum that causes 


syphilis. (Bottom left) The tetanus bacillus. 
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always produces anthrax and the 
tetanus bacillus always produces tet- 


anus. However, some diseases— 
pneumonia, for example—may be 
caused by a number of different 
organisms. 

Pathogenic bacteria, like other 
parasites, must contact new hosts in 
order that the species shall survive. 
The method of spreading varies con- 
siderably between different bacteria. 
Those that infect the throat (e.g. the 
streptococcus that causes tonsillitis) 
and respiratory passages will pass to 
the air during breathing, sneezing or 
coughing. The distance they travel 
will depend on the force with which 
they are exhaled. Hence the im- 
portance of using a handkerchief 
to prevent their spread. Other 
organisms (e.g. typhoid bacillus) may 
infect the faeces. During treatment 
of a person who has typhoid it is most 
important that his faeces are disin- 
fected so that all the typhoid-causing 
organisms are killed. 

Bacteria that are able to survive 


for long periods outside their host 
stand a better chance of infecting 
a new host than those that survive 
for only short periods. Thus the 
tuberculosis bacillus can survive in 
dark dusty places for many months 
and a person can become infected in 
a room in which a tuberculosis patient 
has lived. Some organisms can live 
in any part of the body, others attack 
specific parts. 

Another problem is that some 
people (carriers) are resistant to bac- 
teria and though they carry them 
in their body they are not affected 
by their presence. If such an indi- 
vidual comes into contact with a 
person who is susceptible, however, 
that person can become infected and 
may contract the disease. This has 
particular importance in the food 
industry where food may be handled 
by carriers. Tests for pathogenic 
bacteria are thus very stringent. 

(There will be a further article on 
the detection of bacteria and the 
treatment of infection.) 


Some Means of Spreading Infection 


ANTHROPOLOGY 


The Human Species 


SINCE Aurignacian times, about 
fifty thousand years ago, there has 
been only one species of human 
animal — Homo sapiens. There are, 
however, various forms or varieties of 
man — compare for instance the short 
Eskimo and the tall dark African 
Negro. In spite of these differences, 
all the varieties are able to mate and 
to produce normal fertile offspring. 

Many attempts have been made to 
classify the groups of Man. Linnaeus, 
in the 18th century, proposed four 
groups which he called varieties. They 
were based on skin coloration and 
continent. His groups were: the Red 
Indians of America, the European 
Whites, the Negroes of Africa and 
the Asiatic yellow-skinned people. 
Blumenbach, in 1795 emphasised 
that although these varieties exist, all 
are linked _by intermediates and 
belong to the single species Homo 
sapiens. This is an important point. 
Blumenbach himself distinguished 
five groups of Mankind taking into 
account head and face shape, form 
of hair, and colour of skin. 

In order to draw up a suitable 
scheme of classification one must first 
decide what characters are important 
in grouping or separating the various 
types. Cultural differences such as 
those of language and religion do not 
express differences in the people 
themselves. Such features are very 
much affected by immigration, con- 
quest, etc., and they are of little 
practical value. It seems therefore 
that physical characters are of greater 
use in classifying the varieties of Man. 

Among these physical characters, 
colour is the most obvious but it is 
not diagnostic of any one group. 
Dark-skinned people occur in various 
parts of the tropical regions and it is 
almost certain that dark skin is an 
adaptation to climatic conditions. 
Nose-shape has also been put forward 
as a distinguishing feature but this 
too is an expression of adaptation to 
climate. The broad, open nose of the 
tropical negro would be very un- 
suitable in cold climates. The narrow 
nose of the Eskimo ensures that the 
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The Eskimo (left) 
and the Negro are 
both adapted to their 
respective climates. 
Note the differences 
in build and nose 


Sorm. 


air is warmed up in the nasal passages 
before it reaches the lungs. Stature or 
build is influenced by climate. People 
of tropical regions tend to be thinner 
(i.e. they have a relatively greater 
surface through which they can lose 
heat) than those of colder climates. 
Diet also influences stature. 

One of the most useful features is 
hair structure. There are three fairly 
distinct forms: the wavy hair char- 
acteristic of Europeans, the coiled 
‘woolly’ hair of negroes and the 
straight dark hair of the Chinese. 
Head-shape is another useful char- 
acter (see illustration). Using the 
formula given, we can classify men 


as short-heads, long-heads or med- 
ium-heads. However, head-shape too 
may be influenced by nutrition if 
changes in stature are produced. It 
must be remembered thatthereis much 
variation of characters within a single 
group. With the development of 
blood transfusion much has been 
learned about the distribution of 
blood groups, especially of the ABO 
system. The percentage distribution 
of the major blood groups affords 
some clues to the origins and affinities 
of populations. The value of these 
blood groups lies in the fact that they 
do not appear to be influenced by 
environment. 
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Ss Europirorm 


Pesee 4 MONGOLIFORM 


Using the hair characters men- 
tioned earlier one can recognise three 
major groups which Dr. J. C. Trevor 
has called Europiform, Negriform and 
Mongoliform. There are two other 
smaller groups which do not fit well 
into the three major ones. These are 
the Khotsaniform and the Australiform 
groups. By studying other features — 
especially the shape of the head and 


Facial shape is often used to distinguish 
races. (left) A broad Alpine face and 
(right) the narrow face of a Papuan. 


face — the major groups can be further 
divided although the differences at 
this level are not so clear. Here the 
term ‘race’ is retained for these sub- 
divisions of the major groups. 


Europiforms 


This group has at present a very 
wide distribution but much of the 
spread has occurred very recently in 
Man’s history e.g. the colonisation of 
the Americas by Europeans. Dis- 
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counting such recent migrations we 
can say that the Europiforms occupy 
most of Europe and extend through 
the Middle East to India. The skin 
varies from white to dark and all head 
forms are found. The hair is generally 
wavy and is well developed on face 
and body. The nose is narrow. Within 
this group there are a number of 
races. Each race has some distinctive 
features which separate it from neigh- 
bouring ones and inhabits a fairly 
well defined area. Migration and 
interbreeding have produced a great 
deal of mixing within the Europi- 
forms but the basic races can still be 
recognised. The Nordics are generally 
tall, long-headed people character- 
istic of Britain and Scandinavia. The 
Baltics extend from Finland and 
Poland eastwards, covering most of 
European Russia. They are of 
medium build and have short heads. 
Various Northern groups — notably 
the Lapps — are also Europiform. 
The Alpine race typically inhabits 
central Europe from France to 
Hungary. They are thickset people 
with short head and broad face. 
Similar but taller people exist in the 
Balkan regions, Asia Minor and the 
Caspian area. The Mediterranean race 
is a mixture itself. The people have 
long heads and a dusky skin. They 
extend from Spain and North Africa, 
along the Mediterranean coasts, 
through Asia Minor and Persia and 


The map shows as far as possible the distribution of the five major 
divisions of Man apart from recent migration. 


into India. The European Médi- 
terraneans are stocky, but going east- 
ward the race tends to become taller 
and the face more angular. The 
Erythriotes are the inhabitants of North 
East Africa. They are intermediate 
in character between Europiforms 
and Negriforms but apart from their 
dark skin appear to be closer to the 
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Head shape is an important character. In 
both figures maximum breadth (X) and 


maximum length (Y) are shown. * 100 


is known as the cephalic index. If this 
figure is more than 82 the head is short, 
if under 77, the head 1s long. 


former. The bulk of the Indian 
population are Chersiotes. Their head 
is long and the eyes and hair black. 
Hair is scarce on the face and body. 
The skin is dark brown. Other small 
groups of Europiforms are scattered 
in Asia ¢.g. the Aznu of Japan. 


Negriforms 


These people are typified by coiled 
hair, very dark skin and a protruding 
face (the prognathous condition). They 
also have thick lips and flat noses. 
The African Negroes occupy most of 
the area south of the Sahara. They 
are of various shades of brown and 
have long heads. They are normally 
slim with long limbs. They include 
the West African tribes, the WNilotic 
people of the Sudan and most of the 
Bantu-speaking people in the South 
and East of the continent, e.g. the 
Kulu. The Congo pygmies are called 
Negrillos. They are much shorter and 
generally lighter coloured than the 
Negroes. The other Negriform area is 
in South East Asia where there are 
several pygmy groups (e.g. the Semang) 
called Negritos. These usually have 
short heads but are otherwise similar 
to African pygmies. The Papuans and 
Melanesians of New Guinea and neigh- 
bouring islands are dark skinned and 
have long spiralled hair. The Papuans 
have longer heads than the Melanes- 
ians and are less prognathous. This 
region is, as can be seen from the 
map, occupied by at least three of 
the major groups and there has been 
much interbreeding. 


Pesce UPPER LID FOLD 
EYE 
EPICANTHIC 
a FOLD LOWER 


The epicanthic fold is a fold of skin which 
sometimes hangs over the upper eyelid. It 
is most common in Mongoliform people. 


Mongoliforms 


This is the largest of the major 
groups with members over the greater 
part of Asia and the Pacific. The 
Eskimos and all the original Indians 
of the Americas are also Mongoli- 
forms. Chief characteristics are black 
straight hair, a flat face and yellowish 
to reddish skin. Hair is very scarce on 
the body. The head is usually short. 
A common feature is the epicanthic 


fold (see illustration). The Mongolian 


Note the wavy Europiform hair (left) and compare with the coiled Negriform hair and the 
straight Mongoliform hair. Note also the protruding jaws of the Negro (prognathism) 


race comprises most of the inhabitants 
of Japan, China and Indo China as 
well as the various reindeer-herding 
people of Siberia. Stature is short to 
medium. The East Indian region 
supports a number of types which 
show affinities with both Europiform 
and Mongoliform groups. The 
Polynesians of the Pacific Islands and 
the Maoris of New Zealand are of 
Mongoliform type but they are taller 
than the typical forms. The Arctic 
race, which includes the Eskimos, are 
short, thickset people, consistent with 
their environment. The skin is yellow- 
ish brown and the hair dark. The 
head is long and has a high dome. 
The face is very broad. There are 
eight races of American Indians 
which range from Alaska to Tierra del 
Fuego. Stature and head shape 
varies. These people are thought to 
represent successive migrations from 
Asia via Alaska. The inhabitants of 
Tierra del Fuego with a simple hunt- 
ing and food-gathering economy are 
regarded as the descendants of the 
first migrants. The Red Indians of 
the North America plains would 
therefore represent a much later 
migration. Blood group frequencies 
are fairly constant among all South 
American Indians. 

In South West Africa there is a 
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small population of dark-skinned 
people — the Bushmen or Khoisani- 
forms. They live in the semi-desert 
by hunting and gathering food. The 
hair is short and tightly coiled — 
appearing as clumps on the long head. 
The nose is flat and lips are thick. A 
peculiar feature is the deposition of 
fat in the buttocks—a condition 
called steatopygia. The Bushmen are 
short and lightly built. 

The Australiforms occur in Aus- 
tralia, Ceylon and some parts of 
India. Hair is black and wavy and 
common on the body. The head is 
long and smaller than in any other 
group. Prognathism is always present. 
The Indian and Celanese types (Ved- 
dians) are possibly taller than the 
Australians but otherwise the dif- 
ferences are not great. These people 
are also hunters and gatherers. 

The question of origin and primi- 
tiveness of groups has often been 
asked but until the fossil record is 
more complete we cannot say whether 
one group is more primitive than 
another. It is probable that the 
differences arose because forests, 
rivers, etc., effectively isolated groups 
of people and prevented interbreed- 
ing. It is also possible that in the 
future the differences will disappear 
now most of these barriers are down. 
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B. Locomotive travelling at 90 m.p.h. towards observer. 


DOPPLER EFFECT 


T° a bystander the pitch of the bell 

of a fire engine appears to drop 
suddenly as it speeds past in response 
to a call. A similar sudden change in 
pitch may be observed by an in- 
tending passenger as an express train 
sounding its whistle travels at speed 
through a station. Likewise the tone 
of the engine of a fast moving sports 
car drops as it races by. In all these 
instances, the pitch of the sound is 
higher while the source of the sound 
is approaching the observer, but 
drops suddenly when it passes the 
observation point. Thus the pitch is 
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lower when the source is travelling 
away. 

This change in the pitch (or fre- 
quency) of a sound which results 
when a source of sound and its 
observer are moving relative to one 
another was first predicted by the 
Austrian physicist, C. J. Doppler in 
1842. He showed that if the source 
was approaching the observer (or the 
observer was approaching the source) 
then the sound waves would be more 
crowded than if both the source and 
the observer were stationary. 

A sound of a certain steady fre- 
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quency 2, will emit n complete sound 
waves (a series of push-and-pull 
changes in pressure) in one second. 
This is what is usually understood by 
frequency. If the source is stationary 
in relation to the observer, the ob- 
server’s ears receive n sound waves in 
a second, so that the observer hears 
the actual sound that was given out 
by the source. However, if the source 
of sound is itself moving, this motion 
causes the air ahead of the source to 
be compressed by the vibrations 
more than n times in a second, while 
the air behind the source is com- 
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| ‘The whistle of the diesel locomotive is assumed to have a frequency of about 216 cycles per second (the wavelength of this sound ts 5 feet). 
is The four sketches show successive positions of the locomotive and the waves generated by the whistle at sts second intervals (i.e., 
i" corresponding positions of successive waves). The second sketch (B) shows that for a locomotive travelling towards an observer the distance 
between successive wave fronts is reduced. The third and fourth sketches (C and D) show how the distance between wave fronts is extended 
when the locomotive is going away from the observer. 


pressed less than n times in a second. Déppler Effect was carried out in know as blue; light of low frequency 
As a consequence an observer in 1845 by C. H. D. Buys-Ballot, the (and long wavelength) gives the 
front of the approaching sound Dutch scientist who is chiefly remem- sensation or colour we know as red. 
actually hears a sound of higher bered for his contributions to Hence a decrease in frequency in 
frequency, since more than n vibra- meteorology. He used a trumpet as light means a change in colour from 
tions reach him in a second. After the source of sound which was con- blue to green or green to yellow or 
the source of sound has passed him veyed in a railway locomotive. yellow to orange or orange to red. 
the number of vibrations reaching Light and sound are both forms of |The Spectra of stars which are travel- 
him in a second is less than n so he wave motion, and the Déppler Effect ling away from Earth suffer what is 
hears a sound of Jower pitch than the has also been observed where a _ known as the red shift while stars 
source. source of light, e.g. a distant star is which are approaching Earth have 
Until the advent of railways, there moving. Whereas a change in fre- spectra with a blue shift. A shift in 
were no vehicles capable of travelling | quency in sound is heard as a change _ the pattern of lines observed in the 
sufficiently fast for there to be any in the pitch of a note, a change in spectrum of a star is useful to the 
noticeable Doppler Effect. (Horse frequency in light is seen as a change astronomer since it gives an indica- 
drawn mail coaches travelled at in the colour of light. Light of high tion both of the direction and of the 
about ten miles an hour.) The first frequency (and short wavelength) speed of the star. 
recorded demonstration of the gives the sensation or colour we 
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C. Leona travelling at “90 m.p.h. 
away from observer. 
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D. Locomotive travelling at 30 m.p.h, 
away from observer. 
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TECHNOLOGY 


5} SUPPRESSOR 
GRID 


DIAGRAM 5 


A typical pentode (five electrode) valve 
is illustrated above. Its symbol is shown 


below. ANODE (PIN 2) 


SUPPRESSOR 
SCREEN 
GRID 
(PIN 5) 
CONTROL 
(PIN 6) 
CATHODE 
(PIN 7) EATER 
“(PINS | AND 8) 
DIAGRAM 6 


LOOKING 


NOT USED —3 
WITH THIS 
VALVE 2 


THE VALVE 


A pentode valve drawn as part of .a 
circuit diagram. Numbers on the diagram 
refer to connecting pins. 
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What is a circuit diagram? 
CIRCUIT diagram shows in the 
simplest possible form the com- 

ponents and connections required in 

a wiring circuit. It should also give 

enough information for the operation 

of the circuit to be understood, if 
necessary, by the person who wishes 
to use the equipment or repair it. 

In a circuit diagram the compo- 
nents will not necessarily be spaced 
out as they will appear on the actual 
equipment, nor in the same relation- 
ship to each other. For example, in 
a television set it is usual to locate 


c 


Diagram | 


Diagram 2 


some components on each side of a 
panel of metal or insulating material 
but, the circuit diagram of the set will 
not show that wires pass through the 
panel between the components and 
the panel itself will not be shown. A 
layout diagram will be provided if it 
is necessary to show clearly how the 
parts of a circuit are arranged on a 
panel, within a cabinet, in a building, 
and so on. 


Why is a circuit diagram needed? 


Electrical equipment and installa- 
tions are not usually designed by the 


‘“Blue-print: representing circuit of diode 
detector. 


a Circuit Diagram 


people who have to assemble the 
parts or make the connections between 
one section and another. Therefore 
the designer must convey his ideas to 
the assembler or wiring contractor by 
diagrams that can give no cause for 
doubt or misunderstanding. What is 
more, any person must be able to 
understand what the designer intends. 
This means that there has to be an 
agreed set of symbols to represent all 
possible components. The alternative 
to a circuit diagram of symbols would 
be a photograph of the equipment in 
its completed form, but this would 


Diagram 3 Diagram 4 


often be inadequate. Take for exam- 
ple, diagrams 1 and 2, both of which 
are pictures of wires entering tumbler- 
type switches. In diagram 1 there are 
only two wires, a and b, going into the 
switch so that we know that if 
the switch has two contacts one of the 
wires must go to each of them, and 
the switch operates either to connect 
a to 5, or to disconnect a from 5. 

In diagram 2, however, there are 
three wires, c, d and e, and the switch 
must have at least three contacts (x, 
y and z), as shown in diagram 3: we 
do not know which of these three 


‘“Blue-print? representing circuit of triode 
amplifier. 


Section of a printed circuit consisting of a thin coating of copper on an insulating base. 
The copper is etched away where connections are NOT required. 


terminals is joined to wire c, for 
example. In diagram 4 the wires are 
labelled as they go to the switch 
terminals: so this diagram tells us 
more than diagram 2 even though the 
switch does not appear pictorially. 
Another instance of the way in 
which a symbol is used in a circuit 
diagram is that for a radio valve, 
which appears in most of the diagrams 
in the Electronics series of articles. 
Diagram 5 shows a pictorial view of 
a ‘pentode’ valve, and diagram 6 
shows its circuit symbol. If the pins of 
the valve are numbered in a particu- 
lar way, and this is stated by the 
manufacturer in the valve catalogue, 
then the circuit which includes the 
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Picture of a simple circuit with a diagram 
__ of the same circuit below. 
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A selection of the conventional symbols used in d 


valve may be drawn so that the 
reader knows which part of the valve 
is connected to each of the other parts 
of the circuit. 
Printed circuits 

Until a few years ago, circuit 
diagrams hardly ever resembled the 
actual circuits they represented: the 
connecting wires very seldom followed 
straight paths, or travelled along a 
flat surface. In the last few years, 
however, it has proved possible to 
‘print’ circuits on to sheets of insu- 
lating material, the ‘print’ being 
made of a metal which acts as a con- 
ductor. By this means ‘wiring’ a 
circuit in a radio or television set, or 
in the electronic equipment of space 
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Printed circuit forming part of a telephone 
system. 


satellites is done more quickly, more 
accurately and more reliably, and 
many more components can be put 
into a very small space. 

Besides showing how much more 
closely related the wiring is to the 
circuit diagram, the printed circuit 
is evidence of the big changes that 
are likely to take place in the design 
of electrical equipment. For the 
designer, however, these develop- 
ments require even more accurate 
diagrams of the circuit connections, 
and it is, of course, still necessary for 
him to show how the transistors, 
valves, resistors, capacitors, coils and 
so on are to-be connected to produce 
the complete equipment. 


rawing electrical circuit diagrams. 
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A chimney with- 
out a lightning 
conductor. Light- 
ning has blasted 
a path down the 
chimney in_ its 
attempt to reach 
the ground. 


A ‘single’ flash of lightning, 
analysed by a moving camera 
into a number of successive 
flashes. 


IGHTNING is always dangerous 
and unpredictable, but by under- 
standing what lightning really is and 
how it happens, much of the damage 
it used to cause can now be prevented. 
Lightning is simply the spark pro- 
duced when electrical charges within 
a cloud suddenly flow from cloud to 
cloud or from cloud to earth. Most of 
the charge is ‘manufactured’ inside 
the thunder cloud, where turbulent 
air currents moving up and down at 
terrific speed toss raindrops and ice 
crystals about. As they rub violently 
together, friction causes the transfer 
of electric charges (electrons) from 
one particle to another. Somehow 
(the actual mechanism of the process 
is still not fully understood) charges 
of one type, positive or negative, but 
usually negative, accumulate on the 
underside of the cloud. 
The negative charge on the cloud 
means that the cloud is at a negative 


- voltage (electric pressure) relative to 


the earth. The electric pressure tends 
to push the electric charges towards 
the earth, but the air in between is 
normally a bad conductor of elec- 


The layer of charge on the underside of a 
thundercloud induces a positive charge on 
the surface of the earth beneath. This 


charge accumulates on high objects and an 
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tricity and an enormous voltage (of 
the order of millions of volts) between 
cloud and earth is needed before a 
spark can flow between them. 

The passage of a spark is made 
easier by the fact that the earth 
underneath the cloud becomes 
charged — positively charged if the 
cloud is negatively charged — during 
a thunderstorm. The process which 
brings this about is called electro- 
static induction. 

Negative electric charges repel 
other negative charges, so the cloud 
repels negative charges (electrons) 
in the surface of the earth beneath it. 
The movement of electrons may 
be only slight because much of the 
earth is made from _ insulating 
material. But it leaves a positive 
charge (called an induced charge) on 
the surface of the earth directly 
underneath the thundercloud, equal 
to the negative charge on the thunder- 
cloud. As the cloud moves, so the 
area of positive charge underneath it 
moves. Cloud and earth are like the 
two plates of a capacitor, loaded with 
electric charge, but unable to dis- 


electric ‘wind’ leaks off from the spike of the 
lightning conductor. Sudden local accumu- 
lations of charge on the cloud are forced 
down to meet the electric ‘wind’. 


appears to be a single flash the stream 
may pass many times backwards and 
forwards along this same path. All 
this happens in a fraction of a second. 

Lightning will naturally travel to- 
wards any high object, a building, or 
a tree because electric charge tends 
to accumulate at the top of them. It 
will be even more strongly attracted 
towards the high, sharply-pointed 
metal spikes of a lightning conductor 
attached to the top of a high building 
because these will be more positively 
charged. The electric wind from the 
spikes may have already made a con- 
ducting path, reaching some way 
upwards to meet the spark coming 
down. And as the lightning conductor 
is connected by a conducting copper 
wire to a copper plate dug in the 
earth, the lightning striking the metal 
point will be discharged harmlessly to 
earth. 


CONDUCTORS 


charge it because of the insulating 
layer of air in between. 

A lightning conductor is a sharply 
pointed rod of conducting metal, 
attached to the highest point of a 
building and joined by a thick copper 
cable to a copper plate buried in the 
ground. The electrons in the light- 
ning conductor can easily move away 
from the negative charge in the cloud 
overhead, leaving positive charges in 
the spike at the top. These will 
become so tightly packed that the 
positive charge ionizes the air 
surrounding them. Unlike the charged 
molecules in the spike, air molecules 
are free to move up towards the 
cloud, repelled by the positive charges 
left behind in the conductor, and 
attracted by the negative charges in 
the cloud. The charged molecules 
form an invisible ‘wind’ which allows 
charge to leak away from the earth. 

If the ‘wind’ reaches the cloud, it 
neutralizes the negative charge there 
and stops it coming down from the 
cloud in a flash of lightning. So the 
main function of the lightning con- 
ductor is to prevent lightning. If 


lightning does strike, the conductor 
prevents it from doing harm. Sudden 
local accumulations of charge on the 
cloud become too great to be held 
back by the insulation of the air, and 
a stream of electrons is directed 
towards the earth. The cloud first 
sends out a ‘leader’ stream, descen- 
ding from the cloud in steps and 
branching as it tries to find the path 
offering it the least resistance. It 
tears apart the molecules in the air 
it passes through, ionizing them so 
that they can conduct following 
streams of electrons. This violent 
force excites the air, and makes it 
emit light. The spark we see is 
light emitted from the ionised air 
around the jagged path taken by the 
lightning. As the air is excited it 
expands explosively, and the noise of 
this explosion is called thunder. 
Once the lightning has struck the 
earth it still tries to find the easiest 
path along which to travel. Often the 
lightning stream finds that the easiest 
thing to do is to rebound back up to 
the cloud, along the conducting path 
it has made for itself. During what 


lightning conductor becomes highly 


In a thunderstorm the spike of a ) 
charged (see inset). 


COPPER BALL CONNECTED TO HIGH-VOLTAGE 
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A simple experiment showing 
the electric ‘wind’ of charged air 
particles blowing away from a 
highly charged point. 


PHYSIOLOGY 


THE BODY FLUIDS 
OF INVERTEBRATES 


N sponges and coelenterates, the 
simplest many-celled animals, 
some of the spaces between cells are 
filled with a jelly-like material. A few 
coelenterates have a system of canals 
through which fluid can be distri- 
buted, but in most forms any sub- 
stances that the cells require seep 
(diffuse) into them from the surround- 
ings or from neighbouring cells. 
Diffusion is a slow process and one 
which is effective over short distances 
only. Thus animals whose tissues 


rely on obtaining food by diffusion 
are restricted in size and are generally 
not very active since to be active 
they require a greater and a faster 
supply of materials than diffusion 
can provide. Coelenterates overcome 
this to a certain extent because their 


bodies are hollow. Substances that». 


erous tiny holes. Thus no cell is very 
far from water containing the oxygen 

d for respiration or from the 
food-catching cells that line the 
sponge. 


_( Flatworms have no circulatory sys- 
tem. The spaces between the cells 


"are small and fluid-filled but the 
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cells obtain the substances they re- 
quire entirely through the diffusion 
of these substances. Most flatworms 
are thin even when they attain a 
great length. The most active tissues 
are near the surface so that they are 
close to a supply of oxygen. Food 
materials reach most regions of the 
body in the blind tube of the gut. 
Parasitic forms (e.g. the tapeworm) 
may live where there is little or no 
oxygen but they generally lack the 
power of movement, and their sense 
organs are poorly developed, but 
parasites absorb digested food directly 
from their surroundings. Their ex- 
penditure of energy is reduced to a 
minimum. The needs of the tissue can 
be met quite adequately by diffusion. 

Invertebrates above the level of 
organisation of the flatworms have 
a body cavity between the gut and 
the body wall. This is filled with 
fluid. Even where no special organs 
are present for circulating the fluid 
the separation of the gut from the 
body wall allows the gut musculature 
to contract peristaltically (see page 


A sponge colony highly magnified. The 
arrows show the passage of water in 
through the pores of the body wall and out 
through the ‘neck’ of an individual. 


Diagram of a section through the body wall 


‘of the sponge illustrated below. The 
flagella of the collar cells beat to draw a 


current of water in through the pores. 


A jellyfish, Aurelia, showing the elaborate 
system of canals in which fluid carrying 
Sood ts circulated to all parts. 


373). These movements and _loco- 
motory movements help to circulate 
the fluid although substances are still 
transported to a certain extent by 
diffusion. The cells lining the body 
cavity may possess cilia, the beating 
of which will move the fluid in the 
cavity around slowly. __ 

The more advanced invertebrates 
have a circulatory system, of which 
one or more parts can contract and 
help to circulate the fluid more 
rapidly than by diffusion, body move- 
ments or the beating of cilia. 

The speed with which materials 
can be brought to the tissues and 
with which waste substances can be 
carried away is of prime importance 
and is closely related to the com- 
plexity of an animal and hence to its 
activity. This is well illustrated by 


comparing the cephalopod molluscs 
(e.g. octopuses, squids, cuttlefishes), 
which have a well developed and 
efficient blood system and are highly 
active, with the less developed blood 
system and more sluggish habits of 
other molluscs. 

The circulation in many annelids 
(ringed worms such as the earth- 
worm) is like that of vertebrates in 
that capillaries are present between 
the vessels to and from the tissues. 
In some annelids there are large 
blood spaces round certain organs. 
Special cells (the yellow cells) move 
about in the fluid filling the body 
cavity and take up waste materials. 
The blood contains a red blood 
pigment, haemoglobin, which is simi- 
lar to the haemoglobin of vertebrate 
blood (see pages 530-531). It is 
carried in solution in the blood, 
however, and not in cells. Many 
annelids live in conditions where the 
oxygen supply is low for all or a part 
of the time. Some earthworms live in 
a muddy soil, for example, and the 
burrows of worms such as the lug- 
worm are uncovered at low tide so 
that the water in them cannot be 
changed while the tide is out. In 
these conditions the haemoglobin 
acts as an oxygen store releasing its 
oxygen when the external supply to 
the worm is low. 

In molluscs and arthropods the 
development of the blood system 
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FLUID BETWEEN 


BODY WALL AND GUT 


varies considerably. Rarely is it as 
complete as that of the earthworms. 
The blood of insects fills the body 
cavity and the internal organs are 
freely bathed by it. It penetrates the 
limbs and the wing vein cavities. 

The blood consists of a liquid 
plasma in which are cells called 
haemocytes. Like vertebrate plasma it 
contains inorganic salts, proteins, 
amino acids, fats and sugars. The 
proportions of inorganic ions vary 
between different insects depending 
on what they eat. As a rule carn- 
ivorous forms have far more sodium 
than potassium ions, whereas the 
reverse is true in plant-eating species. 

Circulatory vessels are not well 
developed in insects and other 
arthropods with a system of tracheae. 
In fact they do not need an elaborate 
system of blood vessels because the 
finer branches of the breathing tubes 
end close to the cells of the tissues. 
Air has only a short distance to 
diffuse in solution to the tissues. The 
oxygen-carrying capacity of the blood 
is not of great importance therefore. 
It is significant that very few insects 
possess a respiratory pigment. 

The cells of the blood consume any 
particles, such as bacteria and frag- 
ments of tissue, that are present in 
the blood. They also collect around 
animal parasites closing them off 
from the tissues of the insect, a 
process that might be compared with 


A diagram to show the blood and 
the position of the body fluid of an 


earthworm. 


the formation of Mother-of-Pearl 
under similar circumstances (see 
page 227) in molluscs. 

The plasma is a store of water that 
is of great survival value to an insect 
as a means of overcoming dry con- 
ditions. It often acts as a food store 
also since it contains sugar and other 
food materials — there is an apprecia- 
ble quantity of sugar in the blood of 
bees. Food materials, hormones and 
other substances are distributed in 
it. The main vessel of the blood 
system in insects is the heart, a long, 
tubular organ lying above the gut. 
Below it in the body cavity are sheets 
of tissue called diaphragms. Con- 
traction of muscles attached to these, 
the muscles of the heart wall and, in 
some insects, accessory hearts in the 
thorax (middle region of the body) 


move the blood round the body. 


The heart and main blood eae at a ie. eee) a block pee of a by anes sane the positions of the heert a 
diaphragms. The arrows indicate the direction ¢ in which the blood circulates. 
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I? is possible to build a pile of 

bricks into many different patterns. 
Although the bricks do not alter, 
the built-up design and pattern is 
entirely different. Chemical com- 
‘pounds are built up not of bricks but 
of atoms. A molecule is a group of 
atoms chemically combined with one 
another. When small molecules are 
being built up from just a few atoms 
it is often the case that there is only 
one possible way of arranging the 
atoms. Therefore there is only one 
type of molecule composed of that 
number of those particular atoms. 

For larger molecules containing 

ACETONE AND PROPIONALDEHYDE ARE 


STRUCTURAL ISOMERS OF THE SAME 
MOLECULAR FORMULA, C3H¢0 
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Aldehydes and ketones are two different 
families of organic chemical compounds. It 
is possible for an aldehyde to be the 
structural isomer of a ketone. Acetone and 
propionaldehyde are structural isomers of 
the same molecular formula C,H,O. 


more atoms there may be many 
different ways in which these atoms 
can be built up to make molecules of 
different structures. Even though they 
may be built up of the same numbers 
of the same types of atoms, two mole- 
cules of different structure will be 
chemically different and will in fact 
be different chemical compounds, 
called structural isomers. 

In general the larger the molecule 
is, the larger is the number of possible 
isomers. It is difficult to calculate the 
total number of possible structural 
isomers for very large molecules, 
although it has been done in some 
cases by advanced mathematical 
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reasoning. Isomers all have the same 
molecular formula i.e. consist of the 
same number of the same types of 
atoms, but their molecules have dif- 
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of having thousands of different iso- 
mers there has to be a very definite 
system of naming them according to 
their structures so that there is no 


ferent structures. 


doubt about which isomer is being 
As a very large molecule is capable 


referred to. 


The paraffins are a family of organic compounds with similar chemical behaviour. Methane 
is the paraffin with the smallest molecule. As there is only one possible way of arranging 
its four hydrogen atoms and one carbon atom, it has no isomers, neither do the next 
two members of the family, ethane and propane. From butane (the fourth member) on, 
isomerism is shown and the number of isomers increases as the molecules become larger 
in size. Butane and 2-methyl propane are isomers of the same molecular formula C,H). 


H 

i " vi i 
H-—C—H He= C Com H-—- C Cc Cle 

H H H 

MOLECULE OF METHANE PROPANE 
(NO ISOMERS) (NO ISOMERS) 
1 
2-METHYL ee re 2 
BUTANE PROPANE 4 A i 


BUTANE AND 2-METHYL PROPANE ARE STRUCTURAL ISOMERS OF THE SAME 


MOLECULAR FORMULA, C4Hio 
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PENTANE, 2-METHYL BUTANE 
AND 2:2-DIMETHYL PROPANE 
ARE THREE STRUCTURAL 
ISOMERS ALL OF MOLECULAR 
FORMULA, CsHi2 


"2-DIMETHYL PROPANE 

(BOTH METHYL GROUPS ARE ON THE SECOND CARBON ATOM, HENCE TWO TWOs.) 
There are several systems for naming molecules. As dabbling in several systems gives 
rise to confusion, in this magazine.one of the more satisfactory methods will be used. 
The naming of paraffins is described here. First the longest straight chain of carbon atoms 
in the molecule is selected and the number of carbon atoms in it is counted to find the 
appropriate straight chain paraffin. If there is one carbon atom it is a derivative of 
methane, 2 ethane, 3 propane, 4 butane, 5 pentane and so on. Number the carbon atoms 
in such a way that any adjoining side chain of atoms is joined onto a carbon atom of low 
number in preference to one of high number. 


HEAT PHYSICS 


~K 


Th 


2 
al 


A GAS fire gives out heat. So does an ordinary coal fire. 

The heat that can be felt coming from the fire is a 
form of energy. When a pan of water is heated over a 
flame, the heat is used to raise the temperature of both the 
water and the pan. This temperature rise in itself is not 
an indication of the amount of heat that has been given 
to the pan of water, for less heat will be needed to raise 
the temperature of a smaller pan of water and certain 
substances need more heat to raise their temperatures 
than others. 

In assessing the amount of heat that has been given to a 
substance, three things must be taken into consideration. 
These are, firstly, the mass of the substance being heated, 
for it is obvious that more heat is needed to raise the 
temperature of a large mass of substance compared 
with a small mass. The second factor is the specific heat 
of the substance. This is the amount of heat required to 
raise the temperature of one gram of it through 1°C. The 
third factor is the temperature rise. The more heat 
applied, the more the temperature will rise. 

As any of these three factors grows bigger, much larger 
amounts of heat energy are needed. This is expressed 
very conveniently by the formula Q = m x s xX t where 
Q is the heat applied expressed in calories (a calorie is 
the amount of heat needed to raise the temperature of 1 
gram of water through 1°C.), m is the mass in grams, s is 
the specific heat and ¢ is the temperature rise in degrees 
centigrade. Using this formula, the heat energy given to 
a substance can be calculated. 

Heat energy can also be used to change the state of a 
substance e.g. from solid to liquid. Heat performing this 
function is known as latent heat. The latent heat L is the 
amount of heat required to change the state of one gram 
of the substance without changing its temperature. 
vom x L. 

Measurements involving heat energy are carried out in 
a vessel known as a calorimeter. The branch of science 
which deals with the measurement of heat is in fact 
known as calorimetry. The heat energy being measured 
may be the specific heat or the latent heat of a substance. 
Either of these values can be found using the method of 
mixtures. A weighed quantity of the substance under 
examination is dropped into a weighed quantity of a 
liquid whose specific heat is already known. Water is 
generally used for this. After mixing, both substance and 
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The calorific value of a fuel 1s the amount of heat given out when 
1 gm. or 1 Lb. of tt ts completely burned. The powdered or liquid fuel 
in the crucible 1s set alight by the electrically heated filament. A 
constant stream of oxygen 1s supplied for the burning. The heat 
given out raises the temperature of the surrounding water. 
Calorific values of foods are found in the same way. 


water soon settle down to the same temperature. The 
calorimeter or vessel in which this is taking place also 
settles down to this temperature. If no heat escapes from 
the calorimeter or its contents it is safe to assume that 
all the heat lost by the hot substance (its mass times 
specific heat times temperature drop) is gained by the 
calorimeter and the liquid it contains. The heat gained 
can be calculated from the known masses, specific heats 
and temperature rises of the calorimeter and its contents. 
Hence the unknown specific heat of the substance can be 
worked out. Latent heats are found in a similar manner. 

The calorimeter is carefully designed to cut down heat 
losses to the outside to an absolute minimum. This can 
be done in different ways. The outside of the calorimeter 
is polished to make it a poor radiator of heat. The vessel 
is then surrounded by a layer of insulation. This may be 
a container packed with cotton wool or felting, or an air 
jacket, which may have a water jacket round it. 

The method of mixtures described above has to be 
modified in various ways for very accurate work, for 
finding specific heats at high temperatures, for low 
temperature experiments, for finding the calorific values 
of food, etc. But all depend on the basic principle of heat 
lost by the hotter material equals heat gained by the 
cooler material. 


GEOMORPHOLOGY 


The Agents of 


VER since the continents and the 
oceans were created there has 
been an unending battle between the 
land and the sea. In some places the 
land gains an advantage as it is 
uplifted by earth movements or new 
mountains are created. In other 


places the sea makes new inroads as 
ocean waves batter away at the 
coastline and rivers strip material 
from the land. But neither side can 
ever win. As soon as land is uplifted 


from the sea, wind, water and ice 
start their task of levelling. But the 
material which is deposited on the 
sea bed only goes to make more rock 
layers which will ultimately be up- 
lifted to form more dry land. 

The eating away of the land surface 
by moving water, ice and wind is 
called erosion (Latin erodere, to gnaw 
away). It is closely linked with the 
process of weathering (where atmos- 
pheric conditions combine to bring 
about the decay and break-up of 
solid rock), for the agents of erosion 
not only wear away the land them- 
selves but also carry away the products 
of weathering. Denudation is the term 
used to describe the combined effects 
of both destructive processes. 

Some of the most striking effects of 
erosion are to be seen in arid regions 
where sharp grains of sand carried by 
the wind are blasted against fixed 
rocks, gradually smoothing them off 
and sometimes producing fantastic 
shapes. This is known as wind abrasion. 
The sand grains themselves are also 
smoothed down as they are dashed 
against rocks, time and time again, 
a process known as attrition. Even by 
itself the wind contributes a great 
deal to the destruction of the land, for 
it can remove unconsolidated (loose) 
material such as fine earth or sand. 
This is a great menace in semi-arid 
regions where the land has been 
ploughed for farming and the soil is 
no longer bound together by vegeta- 
tion. In the notorious Dust Bowl of 
Kansas, U.S.A., during periods of 


EROSION 


drought, the wind has been known to 
strip whole farms completely of top- 
soil in a single night. 

The might of the sea is contained 
in its waves. The force behind an 
ocean breaker is quite tremendous; 
during the winter it averages over 
2,000 pounds per square foot and in 
storms it may exceed 5,000 pounds 
per square foot. It is not surprising, 
therefore, that the waves themselves 
can hammer down breakwaters by 
sheer weight of water. Once a crack 
appears in the rock it is rapidly 
widened as the water pounds into it 
and compresses trapped air. But far 
more damage is done by loose stones 
and boulders, which the waves hurl 
against the fixed rocks like battering 
rams. Cliffs result from the under- 
cutting action of the waves which 
carve a notch back into the base of 
the rock until the material above 
collapses, exposing a bare rock face. 


A narrow w steep-sided cae typical of the 
upper course of a river. 


Moving ice plays a considerable 
role in the sculpturing of the land. 
Striated (scratched) rocks, U-shaped 
valleys with truncated spurs, gouged 
rock basins and fiords—the unmis- 
takable signs of glacial erosion — are 
to be found in many parts of the 
world. It may seem strange that 


The action of rain upon boulder clay may 
result in the formation of earth pillars. The 
boulders protect the material immediately 
beneath them from erosion and as the 
surrounding material is worn away they are 
left perched on top of a clay pillar. 
Ultimately, the stone cap falls off and the 
pillar is then rapidly washed away. 


moving ice can erode rock which is 
much harder than itself. Part of the 
answer lies in the boulders and 
pebbles which, gripped firmly by 
the ice, turn a moving glacier into a 
giant piece of ‘sandpaper’, with the 
ability to smooth and deepen the 
valleys through which it passes. But 
even pure ice can erode. Frozen into 
the ice, and thus held in a firm grip, 
whole blocks may be torn from a rock 
face as a glacier moves along (a 
process known as plucking). Glaciers 
also act as giant bulldozers, pushing 


A natural arch results when two caves being 
excavated in the opposite sides of a headland 
unite. 


large amounts of rock and soil ahead 
of them. 

Running water is by far the most 
destructive of the agents of erosion. 
In fact it does more damage than all 
the rest put together (though this 
may not be true of a single area, 
e.g. a desert). The action of rain 
falling upon the land is to wash loose 
particles to lower levels. Under cer- 
tain conditions this process can 
produce a landscape described as 
badlands, where the sloping ground is 
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Stones and boulders, firmly embedded in the ice, 
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gashed into innumerable gullies and 
ravines, 

Fed by rainwash, and eroding more 
material on their own account, 
streams and rivers carry vast quan- 
tities of material off the land. The 
Mississippi River alone dumps over 
one and a half million tons of rock 
debris into the Gulf of Mexico every 
day. All told, running water is 


lowering the drainage areas of the 


Owing to the fact that some rock layers are 
softer than others weird shapes can be 
produced by wind abrasion. 


world at the rate of about one foot 
in ten thousand years. This may 
not seem a very impressive rate at 
first glance, but it must be remem- 
bered that thousands of years are 
mere minutes in the grand scale of 
geological time. 

The erosive work of a river is 
accomplished in a number of com- 
plementary ways. In the first place 
there is the hydraulic action of the 
water alone which, when travelling 
at speed, can prise out large boulders. 
Then there is the corrosive action, 
due to chemicals contained in the 
water which are able to dissolve 
certain minerals from the rocks of 
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turn a moving glacier into a giant piece of sandpaper. 
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the stream bed. Lastly there is corra- 
sion, the wearing away of the stream 
sides and bed by impact with frag- 
ments in transport. Generally speaking 
corrasion is the most active process 
and a river’s power of corrasion 
increases with its rate of flow. 
Thus erosion proceeds most rapidly 
in the upper reaches of a river where 
the gradient is steepest, and results 
in the creation of deep, steep-sided 
valleys. 

One of the quickest ways a river 
erodes is by the drilling of potholes 
in its bed. Pebbles are whirled around 
in these hollows in a rapid spiral by 
eddies and act as drilling tools. 
Gradually the pebbles and boulders 
being transported by a river are 
themselves smoothed down by con- 
stant impact (attrition). 

The debris carried by a river is 
made up of three distinct parts. The 
traction load consists of pebbles and 
boulders which are rolled along the 
river bed or which progress down- 
stream in a series of ‘hops’ as they are 
caught by eddies. The suspension load 
consists of particles of mud, silt and 
sand which are light enough to be 
kept from settling by eddies in the 
moving water. There is also the 
material which has been dissolved 
from the rocks and is thus carried in 
solution. 

The transporting power of a river 
increases rapidly with its speed. For 
instance, if the speed of a river trebles, 
its transporting power is increased 
729 times. This explains why rela- 
tively small streams can carry along 
huge boulders in time of flood. 
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FAMOUS SCIENTISTS 


gos LINNAEUS 
¢~ ~the CLASSIFIER 


AS a naturalist Carl von Linne, or Linnaeus as 
he is better known, must rank second only to 
/VCharles Darwin. 

uring his life he wrote several Natural history books 


and plant known at that time. Although his classifi- 
cation has been modified considerably he established the 
binomial system by which each plant and animal has 
two latin names. The first is its generic name, and the 

second is its specific name (see pages 137, 151). Thus 
, | man is called Homo sapiens. Each living thing therefore 
Mi--was given a slot in the filing cabinet of living things. He 
created some order for the previously unmanageable mass 
© Sof known facts and it was made possible for biologists 
"ee the world over to refer specifically to a particular 
i & Organism. He might well be credited with establishing 


eans of communication in biology. 
“Linnaeus was born in 1707, the first son of a Swedish 


clergyman. As a child he spent many of his leisure 


KR ‘ hours collecting animals and plants. 

He studied medicine, first at Uppsala University in 

Sweden and then in Holland, returning to practise in 

eee TA Sweden. The collection of detailed observations of 

WN ' specimens still remained a major interest however, and 

from 1741, when he became a professor at Uppsala and 

received the botanical garden there, until the end of his 
life he devoted most of his time to this pursuit. 

Though Linnaeus was primarily a classifier or system- 
atist he made many observations outside this facet of 
biology. Such were his experiments on the breeding of 
plants under varied conditions. 

Linnaeus died in 1778. His fabulous collection of 
plants still exists and is on show at the rooms of the 
Linnean Society in London. 


The flower heads of three plants that 
Linnaeus named. 
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ALTHOUGH neither of the ele- 

ments boron and silicon occur 
uncombined in Nature, some of their 
compounds are very familiar. Borax, 
for example, is a white soluble salt 
containing boron (in its acid radical 
part) used in glass-making, soldering, 
the pottery industry and in treating 
fabrics to make them fire-proof. Boric 
acid, a white solid which can be made 
from borax (although it does occur 
naturally in volcanic regions), is used 
as a mild antiseptic, sometimes under 
the name of boracic acid. Boron itself 
is added to steels to make them hard, 
and it is used in the control rods of 
some nuclear reactors. 

Silica, the dioxide of silicon, is 
familiar in various guises, which in- 
clude quartz, flint, granite, amethyst, 
rock-crystal and sand. Silicon is in 
fact the second most abundant ele- 
ment in the Earth’s crust (the most 
abundant is oxygen). 

Both elements can be obtained from 
their respective oxides by heating 
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principal world sources of borax is the opencast mine shown above. It is situated at Boron, California, and 1s over 300 ft. 
deep and 2,000 ft. long. The mineral ts carried by a conveyer belt system to the processing plant in the background. 


Healthy apples and apples deficient in boron are depicted in the margin.» 


with a reducing agent such as pow- 
dered magnesium. The reaction is usu- 
ally performed in a covered crucible. 


BOs &-: 3Mg —> 2B +  3MgO 
BORIC , MAGNESIUM BORON MAGNESIUM 
OXIDE OXIDE 

SiO. + 

SILICON 

DIOXIDE 
The element is separated from the 
final mixture by the action of hydro- 
chloric acid which converts the mag- 
nesium oxide into soluble magnesium 
chloride. These reactions yield an im- 
pure amorphous (powder-like) form of 
the elements. A crystalline form can 
be obtained by dissolving the ele- 
ment in molten aluminium at high 
temperature. Crystals separate out 
on cooling, but they may be an alloy 


of boron and aluminium. 


2Mg —> Si + 2MgO 
MAGNESIUM SILICON MAGNESIUM 
OXIDE 


Boron 


The element boron exists as brittle 
transparent crystals which are nearly 
as hard as diamond. Boron forms com- 
pounds directly with fluorine, chlor- 
ine and bromine, oxygen, sulphur and 


Crystals of three boron compounds—kernite, a sodium borate mineral (Na,B,O,.4.H,0); 


boric acid (H,BO,); and boron phosphate (BPO,)—are shown below. 
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carbon. Boron carbide, which is a 
most as hard as diamond, is formed 
when boron and carbon are heated gam 
together in an electric furnace. Alf" 
though the properties of boron andj 
most of its compounds are those of a 
non-metal, the element is unusual i 
that in boron phosphate it behaves a! 
a metal. 

Boron in its elementary form is not 
very important commercially, but a 
great many uses have been found for 
the salts of boric acid—the borates. 
As already mentioned, some of the 
latter occur naturally, so that it is 
only necessary to purify these after 
mining. One of the world’s largest 
deposits of borates is in California 
and about one million tons are ob- 
tained from that source annually. 
The impurities are removed by dis- 
solving the crude borax in water, 
followed by filtration. Pure borax is 
then recovéred from the clear solution 
by recrystallization. 

If borax is heated sufficiently it 
melts to form a glassy substance in 
which metallic oxides will dissolve. 
The compounds which are formed by 
the reaction between borax and the 
metal oxides are sometimes highly 
coloured, the colour being charac- 
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teristic of the metal. Thus it is possible to identify the metal 
present by the colour it gives to a borax bead. On account 
of the ability of metallic oxides to dissolve in molten borax, 
borax is used as a flux component in removing oxides from 
metal surfaces in preparation for soldering or welding. 
Borax is used in the manufacture of boro-silicate 
(Pyrex) glass which has good resistance to sudden tem- 
perature changes. The principal constituents of this type 
of glass (from which ovenware is made) are silica (about 
80%) and borax (about 12%). Borax is also used in 
glazing pottery and other ceramic articles, in vitreous 
enamel finishes for stoves, cookers and baths, and for 


Diagram of the heater unit in which refined silicon is melted. 
Single crystals of silicon for use in transistors are then drawn 
from the melt. Two such crystals are shown in the margin. 


coating paper. 

Traces of boron are essential for the growth of plants. 
Deficiencies in the soil with respect to this, as with any 
other essential trace element, lead to crop yields which 
are poor both in quality and quantity. Such deficiencies 
can be corrected by the application of fertilizers which 
contain boron, normally in the form of soluble borates. 


Silicon 

For many years the element silicon was of no com- 
ercial importance, but recent developments have shown 
at in a high state of purity it is a valuable alternative 
germanium in the construction of transistors and other 
i-conductor devices. Silicon transistors are particu- 
ly useful for operating at high temperatures. Unfor- 
nately the methods of purifying silicon for this appli- 
cation are a commercial secret. 

Silicon is a dark-grey, opaque solid which has a crystal 
structure rather similar to that of diamond—each silicon 
atom is attached to its four nearest neighbours. Silicon is 
quite inert at low temperatures, but when strongly heated 
air the surface becomes covered with a layer of oxide. 
icon is insoluble in water and resists the action of most 
ids, but not hydrofluoric. When boiled with alkaline 
droxides, such as caustic soda, sodium silicate is formed: 


Si + 2NaO0H + HzO —+ NaSiO, + 2H, 
SILICON SODIUM = WATER SODIUM HYDROGEN 
HYDROXIDE SILICATE 


Silicon combines with fluorine and chlorine when heated 
in either of these gases and the corresponding silicon 
halide is formed. 

Silicon itself is not very hard, but silicon carbide 
(known commercially as carborundum), which is obtained 
by heating a mixture of silicon dioxide (silica) and coke in 
an electric furnace, is almost as hard as diamond. Crystals 
of carborundum are hard, chemically inactive, and do not 
decompose until heated to about 2,200°C. Crushed 
crystals of this compound can be mixed with a binder 
such as clay and moulded into various shapes for use as 
grindstones and grinding wheels. The blocks and wheels 
have to be baked subsequently, so that the individual 
crystals fuse together. 

As silicon is situated immediately below carbon in the 
same family in the periodic table, one might expect the 
compounds of the elements to be similar. This is true to 
some considerable extent, but there is very little in com- 
mon physically between the oxides of carbon and silicon. 
Carbon dioxide is a gas at normal temperatures, whereas 
silicon dioxide is a hard solid which melts at 1,730°C. 

The stability of the silica (silicon dioxide) in its crystal- 
line state is attributed to the structure of the molecules, 
Carbon dioxide, even in the solid state, comprises CO, 
units in which two oxygen atoms are joined by double 
bonds to each carbon. In contrast, the silicon molecules 
in silicon dioxide are joined by single bonds to four 
oxygen atoms. The other bond of each oxygen atom is 
linked to a different silicon atom. Thus each oxygen atom 
is shared between two silicon atoms. The existence of this 
macromolecule, as such a giant network of silicon and 
oxygen atoms is known, accounts for the extraordinary 
stability of silica (e.g. sand). 

In addition to the use of sand and various silica- 
containing stones in the building trade, silica has many 
other uses. The manufacture of glass from silica, sodium 
carbonate and lime, has already been described (pages 
46-7). 

A rather special type of glass can be obtained by heating 
quartz until it melts, and then working the molten mass 
in much the same way as glass. Quartz glass fibres are 
used for suspensions in delicate electrical apparatus. 
Crucibles, evaporating dishes, and similar apparatus 
made from fused silica are useful for certain types of 
reactions. At high temperatures silica will combine with 
bases and metallic oxides to yield silicates, so there is a 
limit to the reactions for which silica ware is suitable. 

In recent years a whole range of silicon-containing 
organic compounds—the silicones—has been developed. 
The basic unit of these compounds is a — Si— O — Si— 
chain of linkages with two organic groups (methyl, ethyl, 
phenyl, etc.) attached to each silicon atom in the chain. 
Most of the silicones are very stable compounds and are 
not wetted by water. Hence they are used for water- 
proofing or as water repellents. Depending on _ the 
structure of the particular molecules, the silicones may 
be oils, greases or resins. Some are used as lubricants 
in situations where there are large temperature variations 
which would render ordinary oils and greases unsuitable. 
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SCIENTIFIC INSTRUMENTS 
Using a 


VOLTMETER 


HE voltmeter is an instrument which measures the 

difference in electrical ‘pressure’ or voltage between 
two points in a circuit. The principle upon which it is 
based is exactly the same as that of the moving coil 
ammeter (page 325). It contains a pivoted coil of wire 
placed in the magnetic field of a permanent magnet. A 
magnetic field will exert a force upon any coil of wire 
carrying a current (for this acts as another magnet). 


Right. A direct-current moving-coil voltmeter. Similar instruments 
can be used with alternating current. In this case a device called a 
rectifier changes the alternating current to direct current. 


Thus, the magnetic field of the permanent magnet will 
exert a force on the coil when a current passes through the 
latter and the arrangement is such that the pivoted coil is 
deflected or turned. The movement of the coil is con- 


trolled by springs which also serve to lead the current to 


HIGH RESISTANCE VOLTMETER 
SHUNT ALLOWING VOLTAGE CONNECTED 


PARALLEL 


BEING 
MEASURED 


AMMETER CONNECTED IN SERIES 


and from it. Attached to the coil, and moving with it, is a 
pointer. This indicates, in volts, on a dial the difference 
in electrical ‘pressure’ being measured. 

The voltmeter is able to measure differences in elec- 


POINTER SCALE 


HAIR 
: ; SPRING 
Diagram to illustrate the 


principle of a moving-coil 
voltmeter. 


MOVING 
COIL 


‘of : 
LEADS TO TERMINALS 


trical ‘pressure’ because the force acting on the coil, and 
fence the amount it moves, is governed by the current 
flowing through it (in practice there are other factors 
governing the amount of movement but the manufacturers 
can allow for these). The current flowing through the 
coil can be used as-a yardstick to measure the voltage 
because the current depends upon the electrical ‘pressure’ 
and the resistance. If the resistance of.the instrument does 
not vary, the current is directly preportional to the 
voltage. a. 

A voltmeter is designed so that it offers a very 
resistance to the passage of a current through it. It mu 
do this, for as soon as electrons start to flow from one point 
to another the difference in electrical pressure between 
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» scale of the voltmeter needs to 


those points decreases, and the greater the current the 
greater the decrease. Similarly, the differeticé in pressure 


between two barrels of water, one suspended above the 
other, decreases if water is allowed:to’flow from the upper 
to the lower barrel. So, putting’the moving coil of the 
voltmeter directly into a circuit would seriously alter the 
voltage being measured. Since it is the difference in 
electrical pressure between two points which is being 
measured, the voltmeter is always connected directly 
across those points, i.e. in parallel with other resistances. 
To prevent the meter from altering the voltage being 
measured, very little current (ideally none) should pass 
through it. For this reason a high-resistance fixed coil of 
wire is placed in series with the moving coil. The basic 
difference between a moving coil voltmeter and a moving 
coil ammeter is simply that the former has this high 
resistance in series while the latter has a low resistance 
(shunt) in parallel. ¥ ] 
Because the voltmeter’s resistance affects the current 
flowing through it, the high resistance placed in series with 
the moving coil can sometimes be changed. It would be 
impractical to use’a very high résistance when measuring 
a very small voltage, for the current which would pass 
through the coil, and hence its amount of movement, 


would be very small indeed. Ondthe other hand, it would” 


be dangerous tb use too low a resistance when measuring 
a very high voltage..In this case so much current 
pass through the ’$erisitive coil that it would be 
When. measuring the difference in electrical” ‘pressure’ 
between two points in a circuit it is safest to start on a high 
resistance setting and gradually lower the resistance until 
the needle moves an appreciable amount. Of course-the 
anged eachvtithe its 


~resistance is altered. + < 
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OPTICS 


Bunsen’s grease spot photometer 


CANDLE POWER |_dy x d 
CANDLE POWER 2d, x d, 


CANDL! 
POWER 


MIRROR 
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LAMPS INCORRECTLY PLACED 


The grease spot in the centre of the paper disc allows more light to pass through tt than tt reflects, whereas the ungreased paper reflects 
more light than it transmits. If the two sides are unevenly illuminated, the grease spot stands out as a luminous spot on one side and a 
dark spot on the other. With the lamps in the correct positions, the grease spot cannot be distinguished from the paper. Mirrors enable 


both sides to be seen at once. 


PHOTOMETRY 


HE Sun is a much stronger source 

of light than a weakly flickering 
candle; so is a powerful electric light 
bulb, although its intensity is neglig- 
ible compared with that of the Sun. 
Photometry is the branch of science 
in which the intensities of different 
sources of light are compared one 
with another. If the actual intensity of 
one light source is known, then the 
other can be calculated. 

There is no obvious unit for measur- 
ing the intensities of light sources. It is 
therefore necessary to agree on a 
standard source with which other 
sources can be compared. The 
original standard was simply a candle. 
A standard candle madé in a par- 
ticular shape and of a certain type of 
wax, burning away at a certain rate, 
was agreed to be a light source of one 
candle-power. A source ten times as 
intense would be rated at ten candle- 
power. As the old standard wax 
candles were not particularly ac- 
curate, they were replaced by stand- 
ard lamps burning pentane under 
specified conditions. Pentane lamps 
were superseded as standards by 
electric lamps of special construction, 
but the term ‘candle-power’ was and 
is still used. The present-day standard 
unit is the candela. This is based on the 
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light emitted from a small hole in the 
lid of a crucible filled with molten 
platinum. One candela is roughly 
equal to one candle-power. 

If a large room is illuminated by 
only one light, the obvious place in 
which to read a book is almost under- 
neath the light (directly underneath 
would be better if it were not for the 
book falling in the shadow). In this 
position, the book is well zluminated, 
but in the far corner of the room it 
may well be that the book is so 
dimly illuminated that it is im- 
possible to read. The intensity of 
illumination of the surface decreases 
with the distance from the light 
source even though the luminous in- 
tensity of the source remains the same. 

Illumination is measured in terms 


of foot-candles. If a surface is placed 
one foot away from a one candle- 
power lamp in such a way that the 
light falls perpendicularly upon it, 
then that surface has an illumination 
of one foot-candle. Two feet away 
from the light source, the illumination 
would only be } foot-candle; 3 feet 
away only 3 and 4 feet away 7, of a 
foot-candle. The illumination falls 
off as the square of the distance, i.e. 
distance x distance. 

Illumination, then, is dependent 
upon two factors—the candle-power 
of the light source and the distance 
that the surface is from that light 
source. The illumination of a surface 
(i.e. the amount of light falling per 
second on each unit of its area) is 
related to the intensity of the light 
source by the equation: 


Intensity of illumination 
__candle-power of source 
~ distance X distance 


Joly’s wax block photometer 
The photometer consists of two rectangular wax blocks placed side by side and separated 
from each other by a sheet of tinfoil. Light from the sources falling upon the blocks makes 
them appear suffused with light. The positions of the sources are adjusted until the wax 
blocks appear to have the same brightness. 
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YELLOW LIGHT 


EYE SEES 
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The flicker photometer 


This photometer can be used to compare light sources of different colours. Light 1s viewed 
alternately from each source. Here, the light from the yellow source 1s reflected by the vanes 
on the wheel and red light 1s reflected by the mirror when the vanes are not blocking its 
path. The positions of the sources are adjusted until the experimenter does not see a flicker. 


If distances are measured in feet, the 
intensity of illumination given by this 
equation is expressed in foot-candles. 
This equation is used when the in- 
tensities of two light sources are being 
compared using a photometer. 

Although there are many different 
types of photometer, all of them are 
devices which use two lamps (usually 
one of known candle-power and the 
other whose candle-power is being 
found). These lamps are arranged to 
illuminate two surfaces. The distances 
of the lamps from the illuminated 
surfaces are adjusted until both sur- 
faces have the same illumination. The 
distances are measured and the candle- 
power of the unknown light source 
can be calculated. 

Known c-p. unknown c-p. 
(distance)? (its distance)? 
On the other hand, if the two light 
sources are just being compared and 
neither candle-power is known, then 
their ratio is given by 
c-p. (light:) distance? (light,) 
c-p. (lighte) distance? (lighte) 

If the two light sources are of the 
same colour, it is immaterial which 
type of photometer is used; but the 
human eye is incapable of judging 
accurately when two surfaces are 
equally illuminated with lights of 
different colours. In this special case, 
most photometers are useless. The 
only type which can be used success- 
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Lummer—Brodhun photometer 
Light from the two sources is directed by 
the mirror system onto two go° prisms that 
are ‘cemented’ together as shown. Light 
Jrom one source emerges from the centre of 
a prism, whereas light from the other source 
comes from the edges. The light sources are 
adjusted to make the prism seem evenly 
illuminated. 


fully is the flicker photometer. This 
consists of a wheel with four vanes on 
it. The vanes are the same size as the 
spaces between them. This wheel 
spins about 20 times every second. 
The vanes reflect light from one light 
source out to the observer. When the 
vanes are not in a position to do this, 
light from the other source is reflected 


out to the observer by a suitably 
placed matt white reflector. The 
observer sees first light from one 
source and then light from the other. 
If the sources are wrongly placed 
then the light flickers. With the 
lamps placed so that they produce 
equal illumination on the reflectors, 
the flickering ceases. 

All these methods are methods of 
comparison. With the light meter 
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Rumford’s shadow photometer 
The two light sources throw shadows of an 
upright object onto the screen. The light 
sources are arranged so that the shadows do 
not overlap but just come side by side. When 
the sources are correctly positioned, both 
shadows are equally dark and appear to be 
not two separate shadows, but one large 
one. Calculations are similar to those for 
Bunsen’s grease spot experiment. 


(foot-candle meter) the illumination 
of a surface can be read off directly 
from a pointer moving over a cali- 
brated dial. The light falls on a 
photo-cell in the meter and stimu- 
lates it to produce an electric current. 
The strength of this current depends 
upon the intensity of the light falling 
on it. A galvanometer within the 
meter measures the current, and the 
scale of the galvanometer is marked 
off to read directly in foot-candles. 
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(Above) The tap-root system of a thistle 
and the fibrous system of a grass. 
(Below) An enlarged root-tip showing the 
cap and the region of growth. Note how the 
sotl particles are compressed by the growth 
pressure of the root. 


| BIOLOGY | 


THE ROOT 


PLANTS, unlike the majority of 

animals, remain fixed in one place 
absorbing food from their environ- 
ment. Roots play an important role 
in this way of life. They serve as 
organs of attachment, anchoring the 
plant in the ground, and also as 
organs of absorption and transport for 
water and dissolved salts. These are 
the major functions of roots. 

Normally, roots grow downwards 
under the influence of gravity and 
away from light. This reaction enables 
a sprouting seed to get a hold on the 
soil. There are two basic patterns 
of root growth—the tap-root system 
(e.g. thistle) and the fibrous system 
found, for example, in grasses. The 
tap-root system is an extension of the 
primary root (radicle) of the young 
seedling, but in fibrous systems this 
primary root is quickly replaced by 
numerous fine roots from the base of 
the stem. All roots which do not grow 
from the primary root (e.g. the roots 
on a rhizome) are called adventttious. 
Propagation of plants by cuttings 
relies on the development of adventi- 
tious roots on the stem. 


Root structure 

At the tip of all roots there is a 
mass of cells—the root-cap—which 
protects the growing point during its 
passage through the soil. The cells 
of the root-cap are produced by the 
actively dividing cells of the grow- 
ing point. As the outer parts of the 
root-cap wear away, fresh cells re- 
place them. The old cap cells may 
also lubricate the tip as it grows 
downward. Cells formed just behind 
the tip lengthen rapidly and push the 
tip further into the soil with con- 
siderable force. The growing region 


is followed by the root-hair region. The 
hairs are outgrowths of the exodermis 
and are the main organs of absorption. 
They penetrate the soil and absorb 
water as described on page 190. The 
root-hairs occupy only a_ limited 
region. Hairs in the growing region 
would be sheared off as the root 
pushed downward. Each hair has 
only a brief existence and as the hairs 
die off they are replaced with new 
ones further down. The hair region is 
thus kept at a more or less constant 
size. Branches—if any—occur behind 
the root-hair region. 

The root contains the same sort of 
tissues as the stem but the strengthen- 
ing tissues of the root are centrally 
placed, reflecting the pulling strain 


suffered by the root as opposed to the & 


bending strain imposed on the stem. 
A cross-section of the root-hair region 
of a typical root is illustrated. The 
inner layer of the wide cortex is called 
the endodermis. The walls of this layer 
become thickened with a corky sub- 
pean ais re 


(e.g. 
grasses) usually have more ‘arms’ 
than dicotyledons (e.g. buttercups). 
A central pith occurs in some species. 

Secondary growth (with very few 
exceptions) occurs only in dicotyle- 
dons. A strip of parenchyma inside 
the phloem (flow-em) becomes active, 
forming a cambium which grows and 
makes contact with the pericycle. A 
continuous wavy ring of cambium is 
thus formed. The secondary tissues are 
produced from this as illustrated. 


Stages in the development of secondary tissues. 
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Opposite the xylem groups a ray of 
parenchyma is produced instead of 
vascular tissue. If secondary growth 
is excessive (e.g. in trees) the whole 
pericycle becomes active and pro- 
duces a layer of cork outside the 
stele. The cortex then dies away 
leaving this corky covering. 


Branching in the root 

In the stem, buds develop from the 
outer tissues close to the tip. But if 
this happened in the root the buds 
would be torn off as the main root 
moved through the soil. Root bran- 
ches develop behind the growing 
region and are endogenous (i.e. they 
develop internally). Branching deve- 
lops before secondary thickening be- 
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gins. Cells of the pericycle opposite 
lem groups become active 


the main root grows through the soil. 
When it breaks out of the parent root 
the vascular connections are complete 
and the region is behind that of the 
root-hairs. The degree of branching 
is associated with the size and habit 
of the plant. Large trees have thick, 
spreading roots for firm anchorage. 

Between the root and the stem is a 
region called the hypocotyl (high-po- 
cot-ill). In this region the vascular 
tissues change from the root arrange- 
ment to that of the stem, but they are 
continuous all the way through. 
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Root modifications 


Very often the root is modified for 
storage. Roots which survive the winter 
contain food material (e.g. starch) which 
will be used by the developing shoots in 
spring. Man has made use of such stores 
in plants like carrots, turnips and beet. 
These are tap-roots, but adventitious 
roots also serve as storage organs. 
Dahlia ‘tubers’ and various orchid roots 
are examples. The food may be stored in 
the cortex or the phloem. The climbing 
roots of Ivy are adventitious—arising all 
the way along the stem—so also are the 
roots on strawberry runners. Some 
tropical orchids which grow on tree- 
trunks have spongy roots exposed to 
the air. The roots absorb moisture and 
may contain chlorophyll too. Maize 
plants and many others have stilt roots 
which develop from nodes on the stem 
and provide extra support. Prop roots 
are admirably shown in the Banyan tree. 
Roots develop in the horizontal branches 
and grow into the soil. They form solid 
supports for the spreading branches. 
Some swamp-growing plants such as the 
mangrove develop breathing-roots. The 
swampy soil is poor in oxygen and some 
root branches, which may or may not be 
adventitious, grow upwards into the 
air. Oxygen diffuses into these and into 
the rest of the root system. 
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TECHNOLOGY 


The Faguar Mark X saloon cut away to 
expose the engine and the transmission. In 
this car the body and chassis are integrated 
as a single unit. 
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NY motor vehicle, or automobile 
as it is called, basically consists 
of four major components or groups 
of components. These are: 
(1) The Engine, or source of power. 
(2) The Transmission, which passes 
the power of the engine to the road 
wheels. 
(3) The Body and Chassis Frame. 
. (4) The Electrical Equipment. 


The engine 

The engine produces the power 
which makes the ‘wheels go round’ 
and so causes the vehicle to move. 
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Engines used for the modern auto- 
mobile are usually ‘internal-com- 
bustion’ engines, so called because the 
fuel (e.g. petrol) is burned inside the 
cylinders. The burning or combustion 
produces a force capable of causing a 
shaft, called a crankshaft, to rotate 
(turn). This rotary motion is trans- 
mitted to the driving road wheels, 
so causing the vehicle to move. 


The transmission 

The transmission of an automobile 
is a system of mechanical units 
through which the engine power is 
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transmitted in order to drive the road 
wheels efficiently under all conditions, 

The transmission consists of a series 
of shafts and gears which connect 
mechanically the engine crankshaft 
with the driving road wheels. The 
drive is transmitted by the engine 
through the clutch, gearbox, propeller- 
shaft and rear axle (usually): see Fig. I. 


(a) THE CLUTCH 

The clutch (see page 576) is a 
Jrutional type of coupling between 
the engine and the rest of the trans- 
mission. Its functions are as follows: 


(1) To transmit the power developed 
by the engine to the road wheels. 

(2) To allow the drive to be taken up 
smoothly when the vehicle starts to 
move off. 

(3) To apply or disconnect the engine 
power as required. 

(4) To assist in gear changing. 


(b) THE GEARBOX 

The gearbox (see page 602) is fitted 
behind the clutch; it is usually a 
mechanical unit fitted with shafts and 
gears. The functions of the gearbox 
are as follows: 
(1) To enable the driver to make the 
best use of the engine power by control 
of the gears provided, thus allowing 
the engine speed and therefore its 
power to remain more or less constant 


under all reasonable loads and road 
conditions. 

(2) To enable the driver to reverse 
the motion of the vehicle. 

(3) To provide a neutral position so 
that the engine can be run with the 
vehicle stationary without having to 
disengage the clutch. 


(c) THE PROPELLER SHAFT 

The propeller shaft connects the 
gearbox to the rear axle and thus to 
the road wheels. This shaft is more 
than a simple line shaft because the 
driving angle between the gearbox 
and the rear axle changes con- 
tinually as the vehicle moves along 
the road. (This is because the chassis 
is fixed to the rear axle through 
springs.) To allow for the diff- 


Based on THE MOTOR copyright drawing by permission of the 
publishers. 


erences in the angle of drive the 
propeller shaft incorporates one or 
more universal joints. A universal 
joint is basically a double-hinged 
joint through which the gearbox 
shaft can transmit the drive to the 
rear axle shaft even though the 
two shafts are not in line with each 
other. 


(d) THE REAR AXLE (Final Drive) 
The functions of the rear axle are 

as follows: 

(1) To transmit the drive from the 

propeller shaft to the rear wheels. 

(2) To gear down the drive from the 

gearbox. 

(3) To turn the drive through a right- 

angle and deliver it to the rear 

wheels. 
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THE CLUTCH 


(4) To carry the rear road wheels 
and support the weight of the rear of 
the vehicle. 

(5) To enable the two rear wheels to 
revolve at different speeds (as they 
must when turning a corner) and at 
the same time maintain the drive at 
each rear wheel. The unit responsible 
for this action is called the Dvr. 
FERENTIAL. 


The body and chassis frame 

This section includes the following: 
Body structure, suspension, steering, 
brakes and tyres. 


(a) THE Bopr AND FRAME 


The two principal methods of pro- 
NEUTRAL 


3-SPEED 
GEAR BOX 


The gearbox (above) enables the engine 
speed to stay more or less constant. It does 
this by providing a choice of gear ratios 
(below) to suit different loads. 


FIRST GEAR SECO 


GEAR 
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ducing automobiles are as follows: 

(1) To build the vehicle in two 
independent units, that is a separate 
body mounted on the chassis frame. 
(2) To combine the body with the 
chassis frame as a single unit: see 
Fig. II. The engine and transmission 
units are then installed in this body- 


chassis assembly. 
Most automobiles are formed from 
steel pressings welded together. 


(b) SUSPENSION 

The suspension system consists of 
various types of springs and ‘dampers’ 
(shock-absorbers). ‘These units usually 
connect the axles of the road wheels 


to the chassis frame; they damp out 
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FIGURE | 


shocks caused when the road wheels 
travel over rough surfaces. 

There are three main types of 
springs in general use. 
(1) The leaf spring which consists 
of a number of spring steel leaves 
(strips) connected one under the 
other by means of a centre bolt: see 


Fig. III(a). 
(2) The coi spring: see Fig. III(b). 
(3) The torsion bar, which is a long 
steel rod fixed at one end and capable 
of being twisted at the other. The 
resistance to twisting provided by the 
bar gives the required springing effect: 
see Fig. III(c). 

Dampers or so-called shock ab- 
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sorbers are fitted to prevent excessive 
spring vibration which would cause 


discomfort to the occupants and 
damage to the vehicle. 


(c) STEERING 

The steering system is provided to 
enable the vehicle to be guided in any 
required direction with a minimum of 
effort. For this purpose, the steering 
wheel is connected by gears and levers 
to the front wheels. All steering 
systems operate on the same basic 
principle, but vary in detail. 


(d) BRAKES 

The functions of the braking system 
(see page 544) are as follows: 

(1) To slow down or stop the vehicle, 
preferably without skidding. 

(2) To hold the vehicle at rest, 
especially on a steep hill. 

(3) To provide the maximum braking 
effect with the minimum of effort. 

A vehicle is slowed down or stop- 
ped by applying friction on the brake 
drums (or discs) which are usually 
fixed to each road wheel. 


(e) Trres 

The basic principle of the tyre is 
to interpose a cushion of air between 
the vehicle and the road surface. The 
functions of the tyre are as follows: 
(1) To provide frictional contact 
between the vehicle road wheels and 


The steering wheel moves the front wheels 
by means of a worm gear. Tie rods keep 
both wheels tracking together. 


THE PROPELLER SHAFT 


the road surface when driving, par- 
ticularly during braking and when 
cornering. 
(2) To absorb small road shocks. 
Electrical equipment 

This equipment includes the follow- 
ing: 
(a) The battery, which acts as a reser- 
voir for electrical energy. 
(b) The dynamo and charging system, 
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FIGURE III 


fitted basically to charge the battery, 
(c) The starter, which rotates the 
flywheel and so starts the engine. 

(d) The coil ignition system, which 
produces the spark required to ignite 
the petrol/air mixture. 

(e) The lighting system, to provide 
illumination for night driving and to 
provide warning signals for braking 
and turning. 


(B) COIL 
SPRING 


LEVER 


Se (C) TORSION BAR 


The axles are attached to the body or chassis through springs and shock-absorbers. 
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A PICTORIAL SUMMARY OF 


GRAVITY 
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is as the power of attracting any material thing within its field. This force of 
yattraction is known as gravity. The branch falls to the ground because gravity pulls it down. 
he Earth’s atmosphere is held in ity. 


On account of its mass, every object, however small, has a gravitational attraction for other 
objects. The size of the attraction depends on the masses of the attracting objects. 

Matter tends to attract matter. Particles suspended in space tend to come together, 
attracted by gravitational forces between them. 
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it has a velocity of 32 ft./sec., after 27 
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Asthe sistiacs from the Earth increases, 
‘the influence of the Earth’s pull becomes 


smaller until eventually it is almost zero. — 


If a smaller pull is being exerted on an 
object, then it weighs less. In outer 
space, away from the field of the Earth 
and other planets and stars, an object 
will have | ligibl ee, nerd of 
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The pull of the Earth is large because of its enormous mass (5,900 million million million 
tons). Because the Moon is a much smaller mass, its gravitational pull is much smaller. 
The mass of the Earth is about 8] times that of the Moon. 


If plumblines were hung above the 
Earth’s surface and their paths were 
continued into the Earth, they would all 
meet at the centre of the Earth. This 
point is its centre of gravity. The Earth 
behaves as if all its mass is concentrated 
at its centre and attracts things in the 
direction of this point. 
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CENTRE OF 
EARTH 


Every object has a centre of gravity and 
behaves as though its weight is con- 
centrated at that point. When any object 
is suspended freely from any point it 
hangs so that its centre of gravity is 
vertically below the point of suspension. 
Point of suspension, centre of gravity 
and centre of the Earth are all in line. 
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| METEOROLOGY | 


Condensation and Precipitation 


VERY second, some fifteen million 

tons of moisture are evaporated 
from the surface of the Earth by the 
heat of the Sun. Water boils at 100°C. 
but evaporation can take place at any 
temperature, just so long as the air 
above is not already saturated. 

The amount of water vapour a par- 
ticular ‘parcel’ of air can hold de- 
pends upon its temperature. The 
warmer the air the more moisture it 
can hold in the form of vapour. Air 
ane 2 = i 
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(Left) When the temperature of an object 
falls below the dew point of the surrounding 
air water vapour will begin to condense 
upon it. (Right) People make their own 
clouds on a cold day, simply by exhaling. 
The warm moist air from their lungs 1s 
quickly chilled below its dew point. 


at 70°F. (21°C.), for instance, can 
hold four times as much water vapour 
as air at 30°F. (—1°C.). When air 
contains as much water vapour as 
possible for its temperature it is said to 
be saturated. If a mass of saturated air 
were to lie over pure water at the 
same temperature it would neither 
lose nor gain any molecules of water 
vapour (in fact there would be a con- 
tinuous and equal exchange of mole- 
cules between the air and the water). 
The humidity of the air is the actual 
amount of water vapour it contains. 
This is best expressed as a percentage 
of the amount it would hold at the 
same temperature if it was saturated 
and is referred to as the relative humidity. 

If a parcel of air is cooled (either 
through contact with the cold ground 


Warm air (left) can hold more water 
vapour than cold air. 
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or through rising and expanding) 
there comes a temperature, known as 
the dew point, below which it is unable 
to hold all of its moisture in the form of 
vapour. The excess water vapour then 
condenses, i.e. changes back to the 
liquid state, to form water droplets, 
or, if the dew point temperature is low 
enough, ice crystals. Condensation in 
the atmosphere produces cloud, or, at 
low levels, fog. 

When the temperature of a solid 
object falls below the dew point of the 
surrounding air, water vapour will 
begin to condense upon it. This is 
why the outside of a glass containing 
an iced drink will soon be covered by 
a film of water if it is in a warm 
room. Dew is formed in exactly the 
same way when the temperature of 
the ground falls below the dew point 
of the air lying above it. It seems as if 
water vapour needs definite encour- 
agement to condense; it needs some- 
thing to condense upon. In the atmo- 
sphere this ‘something’ consists of 
minute particles, most of them too 
small to be seen by the naked eye, 
which are collectively termed con- 
densation nuclei. They include such 
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things as salt crystals (evaporated 
from sea spray), pollen, smoke dust 
and volcanic ash. The importance of 
these particles to condensation has 
been shown by experiments where it 
has been found that pure air can con- 
tain four or five times as much water 
vapour as would be needed to saturate 
it under normal conditions. 

The number of nuclei present in the 
atmosphere is tremendous, amounting 
to between 3,000 and 4,000 per cubic 
inch. Naturally enough there are far 
more over industrial centres than 
over the open countryside, but, for- 
tunately, it is their size rather than 
their number which determines 
whether or not condensation will take 
place upon them. If it were otherwise, 
industrial centres would be flooded 
regularly. Condensation first begins 
on the large particles which have an 
affinity for water (i.e. those which are 
soluble) when the relative humidity 
is as low as 75%. As the relative 
humidity of the air increases (through 
further cooling) smaller nuclei be- 
come active whether or not they have 
an affinity for water. 

Until a relative humidity of 100% 
is reached there is a tendency for the 
water droplets to evaporate. Beyond 
this level, however, they grow very 
rapidly. The point where the droplets 
are just about to increase greatly in 
size is called the critical supersatura- 
tion level. 

Precipitation (the deposits of water 
either in liquid or solid form received 
by the Earth from the atmosphere) 
is more than the end product of con- 
densation, for a cloud particle is a 
long way from being a raindrop. In 
fact, the latter is about one million 
times larger than the former. As the 
cloud droplets continue to increase in 
size they tend to fall to the ground 
under the influence of gravity. But at 
this stage they are so small (perhaps 
one-hundredth of an inch in diameter) 
that ascending air currents can easily 


Frontal or cyclonic rain is caused by a 
mass of warm air riding up over‘a ‘moun- 
tain’ of cold air or being lifted by a 
‘wedge’ of cold air 


carry them aloft again. Even if they 
do manage to fall through the cloud 
they will be evaporated by denser, 
and perhaps warmer, air nearer the 
ground. A droplet’s only chance of 
survival is to collide with other drop- 
lets and so increase its size that neither 
air currents nor evaporation can stop 
it falling to the ground as a raindrop, 
perhaps one-tenth of an inch in 
diameter. 

When the air temperature is below 
freezing point water can exist in two 
states, either as ice crystals or as 
supercooled water. Just as water 
vapour needs a nucleus on which to 
condense, so it requires a nucleus on 
which to sublime, i.e. change directly 
from vapour to ice. Below —41°C. 
sublimation will take place on any 
nucleus, but above this temperature 
only certain particles will act as 
freezing nuclei. There are some on 
which ice crystals begin to form 
below —32°C., but only a few on 
which ice will form below —10°C. 
Thus, between —10° and —41°C., 
clouds consist of a mixture of ice 
crystals and supercooled water drop- 
lets. Above —10°C. they consist en- 
tirely of water droplets, and below 
—41°C. entirely of ice crystals. When 
both are present, however, the ice 
crystals tend to grow at the expense 
of the supercooled water droplets, for 
they are the most stable form of 


water at these low temperatures. 
Eventually, the ice crystals will grow 
heavy enough to fall through the 
cloud. On the downward journey 
they collide with water droplets which 
freeze onto them. Passing through 
warmer air at lower levels the ice 
crystals melt and fall as raindrops 
(if not melted they fall as snowflakes). 


Orthographic or relief rain is caused by 
atr being forced to rise to colder levels by 
high land lying in its path. 


Convectional rain may result when 
heated air, rising of its own accord, ex- 
pands and cools. 


This is known as the Bergeron process 
and is probably the way in which 
much of our rain is formed. 

Rain results from the rising and 
cooling of moist air. But there is 
more than one agency which can 
bring this about. An obvious cause is 
convection; a ‘parcel’ of air will rise 
of its own accord if the air inside it 
is warmer (i.e. lighter) than the 
surrounding air. But moving air might 
be forced to rise to colder levels by 
a mountain range lying in its path. 
Rain produced in this manner is called 
orthographic or relief rain. A similar 
situation occurs when a mass of warm 
air meets a ‘mountain’ of cold air. 
‘Parcels’ of air do not tend to mix 
very well and the warm air rides 
up over the ramp of cold air in front. 
Rain produced in this manner is 
called frontal or cyclonic. 
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STATIC ELECTRICITY 


N 1931 R. J. Van de Graaff de- 
signed a machine capable of gener- 
ating very high voltages, of the order 
of millions of volts. The straightfor- 
ward principle behind it is as follows. 
Electric charges of the same type 
(either positive or negative) are put 
onto a moving belt, carried upwards 
by the belt into a hollow copper dome, 
and left there. This is a continuous 
process, the belt collecting charge at 
the bottom and depositing it for stor- 
age at the top. As the amount of 
charge on the dome builds up, its 
voltage increases. 

Suppose the dome is to be nega- 
tively charged. At the lower end of the 
machine is an electric generator cap- 
able of making a direct current of 
electricity at a relatively low vol- 
tage—about 20,000 volts. To the 
negative terminal of this generator 
are attached a number of sharp metal 
spikes, which of course become nega- 
tively charged. They are fixed a 
short distance away from the moving 
belt. 

The charges on the spikes are so 
densely packed that they are pushed 
off by fresh charges arriving from the 
generator. These jettisoned charges 
are carried by moving air molecules 


| towards the belt which is in effect 


‘sprayed’ with negative charges. 

The belt is made from an insulating 
material—rubber, silk or linen—so 
that the charges stay fixed on the 
belt as it moves upwards. 

At the top of the Van de Graaff 
generator is another set of metal 
spikes, attached to the inside of the 


dome. The negative charges on the 
moving belt repel negative charges 
XX which previously formed the outer 


‘ of metal atoms in the spikes) to 
thédome. The positive charges left on 
the spikes are ‘sprayed’ onto the belt 


VAN DE GRAAFF 


GENERATOR 


where they neutralize the negative 
charges brought up by the belt. The 
negative charges repelled from the 
spikes to the dome fly to the out- 
side of the dome. There is no charge 
on the inside surface of the dome, 
so there is nothing to prevent further 
negative charges coming to it from 
the spikes. 

When the voltage difference be- 
tween the dome and the Earth is a 
few million volts, it becomes very diffi- 
cult for the dome to hold its charge. 
Charges, closely crowded together on 
the outer surface, repel each other 
and start to ‘leak’ away into the 
surrounding air, or else flow, in a 
gigantic spark, to Earth. To prevent 
this, the dome is highly polished so 
that there are no bumps where denser 
patches of charge can accumulate. 
The entire generator is placed in a 
steel enclosure filled with gas (sulphur 
hexafluoride or nitrogen) at high 
pressure. It is more difficult for the 
charge to leak through high-pressure 
gas than through ordinary air. 

The Van de Graaff machine is used 
to accelerate streams of particles, so 
that they move quickly enough to 
produce interesting effects when they 
hit ‘target’? atoms. The particles are 
initially stationary at the top of a 
long tube reaching from the top of the 
dome to the ground. When the dome 
is connected to the top of the tube, an 
enormous voltage, or electrical pres- 
sure, accelerates the electrically 
charged particles towards the bottom 
of the tube. Usually the machine 
accelerates streams of positively charged 
particles, and the dome must be 
positively charged to repel the positive 
charges. To charge the dome posi- 
tively, the lower spikes are attached 
to the positive terminal of the 20,000- 
volt generator. 


Like charges, repelling each other, always fly to the outside of conductors. 
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(Left) Charging negatively. 


(Right) 
Charging positively. 
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CHARGES ARE 
EVENLY SPREAD 
OVER THE SURFACE OF A 
SPHERICAL CONDUCTOR 


HARGES TEND TO ACCUMULATE 
ON ANY BUMPS. THIS IS WHY THE 
DOME IS MADE HEMISPHERICAL, 
AVOIDING BUMPS. TOR 


CHARGES BECOME VERY DENSELY 
PACKED ON SPIKES AND TEND 


TO LEAK INTO THE SURROUND- 
ING AIR 


(SEE PAGE 616) 


ECHO SOUNDING 


BAtSs have very poor eyesight and 

yet, in total darkness, they have 
no difficulty in flying round any 
obstacles blocking their path. They 
have not been able to see the obstacle, 
but have detected its presence by 
very high pitched 


sending out 


Recording unit used in conjunction with 
echo sounding equipment. 


squeaks. The pitch of these squeaks 
is too high to be heard by most 
human beings. In other words, they 
are ultrasonic squeaks. But the bat, 
with its greater range of hearing, listens 
to the echo rebounding back from the 
obstacle. The echo takes little time to 
return from nearby objects and a 
longer time from more distant ones. 

This idea has been copied by man 
in gauging the depth of the sea bed, 
but he uses instruments to do his 
squeaking and listening for him. 

Big developments in the technique 
of echo sounding were made during 
World War II in order to detect the 
presence of enemy submarines. It was 
first known as Asdic and has now 
become known as Sonar. 


The transmitter gives out a beam 
of ultrasonic pulses. This is a narrow 
beam whose direction can be 
adjusted. If the beam is sent out 
under water and there is no obstacle 
in its path then the beam travels on 
unhindered. But if a submarine is in 
its path then the beam is reflected 
back again, and this reflection is 
picked up by a microphone to be 
heard by the operator as a click 
coming from his earphones. Sub- 
marines within a range of two miles 
can be detected. The device which 
emits the ultrasonic pulses and the 
microphone which picks up their 
echoes are housed underneath the 
hull of the ship. 


This boat is fitted with a retractable 
transducer which consists of the trans- 
mitter and receiver. The recorder plots on 
paper the information received. 


There is also great scope and use 
for echo sounding in peacetime. When 
maps of the ocean beds are being 
produced, this is the method used. 
The oscillator and microphone to- 
gether form a transducer which may 
be retractable. The returning echo 
is not heard as a click through a 
microphone but is recorded auto- 
matically by a pen on a moving roll 


of paper. The pen makes a mark 
when the signal is given out and 
another lower down the paper on its 
return. The speed of sound in water is 
known to be about 4,800 ft/sec. 
Knowing this and the time the signal 
has taken to travel to the sea bed and 
back, the depth can be calculated. 
This is not in fact necessary, for echo 
sounders are calibrated so that the 
depth can be simply read off from a 
scale. 

Information about the surface of 
the ocean bed can also be gleaned. If 
the bed is rocky it will show up a 
clear cut, often jagged, line, but if 
there is a layer of mud on top of the 
rock, there will be a line showing the 
rock and a fuzziness above it showing 
the mud. This is because some of the 
ultrasonic waves have been reflected 
by the mud and others by the rock. 
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Trace produced by an echo sounder showing 
position of a wreck on the sea bed. 


A submerged wreck will show up 
on a trace as a black splodge above 
the level of the sea bed. 

Echo sounding is proving to be a 
great boon to fishermen. Special echo 
sounding equipment is made for 
fishing vessels to detect the positions 
and quantities of fish. Traces show 
up the shoals of fish as fuzzy grey 
patches. 


Echo sounding is now being used by trawlers to locate shoals of fish. On this trace the 
white line represents the sea bed, while the fuzzy areas above indicate the position of 


the shoals. 
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"THE automobile engine belongs to 

the class of heat engines known 
as Internal Combustion engines. An 
internal combustion engine is a power 
unit whose sole purpose is the con- 
version of the heat energy in the fuel 
(petrol, diesel oil, etc.) into useful 
power. The actual combustion (burn- 
ing of the fuel) takes place in the 
combustion chamber (upper part) of 
the engine cylinder. In any such 
engine, the fuel must first be mixed 
with air before it can be burnt. 


Fundamental Parts 


These parts are shown in Fig. I. 
They consist of the following: 

A metal barrel or cylinder which is 
closed at the top except for two 
‘openings’ which can be closed or 
opened by the inlet valve and the 
exhaust valve. A circular piston slides 
inside the cylinder and is joined by the 
connecting-rod to the crankshaft. 

In the automobile engine all the 
force resulting from the expansion is 
directed downwards on top of the 


piston, which then moves down the 
cylinder. This movement is trans- 
mitted through the connecting-rod 
and causes the crankshaft to turn. 

Because the force acting on the 
piston is considerable, it will be 
found that the crankshaft continues 
to turn and will then push the piston 
UP the cylinder. This ‘up and down’ 
movement of the piston is an essential 
part of the cycle of engine operation, 
known as the FOUR-STROKE or 
OTTO cycle. 


The Four-stroke Cycle of 
Operations 

The majority of motor car engines 
use petrol as a fuel and operate on 
the four-stroke or Otto cycle, so 
named after Dr. Otto, a German 
engineer, who in 1876 produced a 
working engine using this cycle. The 
term four-stroke refers to the number 
of piston strokes required to complete 
one cycle and a cycle is a sequence of 
operations constantly repeated. Fig. 
II illustrates the four strokes which 


The action of a petrol engine resembles to some extent the firing of a cannon. If, instead of 
gunpowder, petrol is poured into the space 


behind the cannon ball, given time to mix 


with the air and then ignited, the explosion which follows drives the ball along the 
barrel. The cannon represents the cylinder and the cannon ball represents the piston. 
In practice the petrol and air mixture is compressed considerably before it is ignited 
and the force resulting from the explosion is thereby greatly increased. 
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are as follows: 


(1) INDUCTION STROKE 


The piston moves down the cylinder 
and thereby creates a partial vacuum 
in this cylinder. A combustible (cap- 
able of burning) mixture of petrol and 
air is forced past the open inlet valve 
into the cylinder by means of atmos- 
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Fig. I. The essential parts of a petrol 
engine. 

pheric pressure which is now greater 
than the pressure existing inside the 
cylinder. The exhaust valve remains 
closed during this stroke. 


(2) Compression STROKE 


The piston moves up the cylinder, 
both valves are now closed. The 
petrol and air mixture is compressed 
into about one-seventh of its original 
volume and the pressure rises to 
about 120 |b. per sq. in. 


(3) Power STROKE 


When the piston reaches about the 
end of compression stroke, the petrol 
and air mixture is ignited (fired) by 
an electric spark. Rapid combustion 
then occurs which results in a sudden 
rise in temperature and _ therefore 
pressure which reaches a value about 
500 |b. per sq. in. The effect of this 


rise in pressure is to drive the piston 
downwards on the only working 
stroke of the cycle. 


(4) Exuaust Stroke 


The piston moves upward and as 
the exhaust valve is now open the 
burnt gases are forced out of the 
cylinder, past the open exhaust valve 
into the exhaust pipe and silencer, 
thence to the open air. 

This cycle of operations is con- 
tinually repeated all the time the 
engine is running. In the four-stroke 
cycle there is only one power or 
working stroke: the other three are 
idle strokes. Moreover, this cycle of 
operations occupies two complete 
revolutions of the engine crankshaft. 


The Two-stroke Cycle 


In order to obtain a larger output 
of power from a cylinder of given 
dimensions, and to obtain a more 
uniform turning effort at the crank- 
shaft, designers sought an alterna- 
tive cycle of operations which would 
eliminate the idle induction and 
exhaust strokes which occupy one 
complete revolution of the crankshaft. 
It was thought that if a useful working 
stroke could be obtained for every 
revolution of the crankshaft, instead 
of every other revolution, then the 
engine would develop twice the power 
of the four-stroke cycle engine. In 
actual practice, however, somewhat 


Fig. II. The four-stroke cycle. (1) Induction stroke (2) Compression stroke (3) Power stroke (4) Exhaust stroke. 


less than this doubled power is 
obtained. 

The two-stroke cycle, known as 
the Clerk cycle, is named after Sir 
Dugald Clerk who introduced this 
method of engine operation in 1880. 

Fig. III shows the three-part, 
crankcase compression single-cylinder 
type of two-stroke engine. 

The construction is similar to that 
of the four-stroke engine, except that 
valves are not used, but are replaced 
by ports in the lower end of the 
cylinder wall which are covered or 
uncovered by the piston as it moves 
up and down the cylinder. The petrol 
and air mixture enters the crankcase 
instead of the cylinder. A separate 
passage known as the transfer port 
connects the crankcase with the 
cylinder as shown in Fig. III. 


Cycle of Operations 


Assuming that the engine is on the 
power stroke: 

(1) The piston moves down the 
cylinder, the exhaust port is uncovered 
and most of the burnt gases pass 
through the silencer to the open air. 

(2) The piston still moving down 
uncovers the transfer port and the 
fresh mixture of petrol and air rushes 
into the cylinder, thus forcing most of 
the remaining burnt gases out through 
the exhaust port. 

(3) By this time the piston has 
reached the bottom of its stroke. The 


Spark Plug 
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Fig. III. The two-stroke cycle: (left) 
exhaust and transfer, (right) inlet and 
compression. 

piston then returns on the upward 
stroke and closes both the transfer and 
the exhaust ports. The inlet port is 
then opened, the action of the rising 
piston creates a partial vacuum in the 
crankcase and a fresh quantity of 
petrol and air mixture enters the 
crankcase through the inlet port. 

(4) The rising piston continues to 
rise and compresses the mixture 
already in the cylinder. When the 
piston reaches the top of the cylinder 
the compressed mixture is ignited by 
an electric spark, the piston is forced 
down and the fresh mixture in the 
crankcase is compressed to about 5 to 
6 lb. per sq. in. and is thus ready to 
enter the transfer port. 

A deflector-head type of piston is used 
to direct the gas mixture to the top of 
the cylinder, so that only a small 
proportion of the unburnt mixture 
escapes through the exhaust port, 
which, due to the way it is designed, 
must close after the transfer port. 


Rock salt, the chief s source of sodium chdorise may be nee as 
shown here, or it may be dissolved in water and pumped to the 


surface as brine. 


THE ALKALI METALS 


HE term alkali metals is the name 

given to the family of low density 
metals lithium, sodium, potassium, 
rubidium and caesium. ‘The 
ammonium radical is sometimes in- 
cluded in the same group as well 
since there are a number of features 
which ammonium salts have in com- 
mon with the corresponding salts of 
the alkali metals. 

These metals are so reactive that 
none of them occurs free in nature. 
Potassium, for instance, reacts so 
violently with water that the hydrogen 
gas which it liberates is set alight by 
the heat given out in the reaction. 

Of the alkali metals, the salts of 
sodium are by far the most abundant. 
Sea water contains about 27 parts 
per thousand by weight of sodium 
chloride. There are also a number of 
deposits of sodium compounds in the 
solid state—rock salt (sodium chlo- 
ride) is found in Cheshire, Chile 
saltpetre (sodium nitrate) in South 
America and borax (sodium borate) 
in California. Potassium chloride 
along with sodium chloride and mag- 
nesium chloride occurs in the Stass- 
furt deposit in East Germany, and 
this is the principal source of potas- 
sium, although potassium carbonate 
can be recovered from the ash left 
behind after plants have been burnt. 
In comparison, the salts of lithium, 
rubidium and caesium are rare. 

Sodium and potassium were first 
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isolated in 1807 by Sir Humphry 
Davy. His original method was to 
pass an electric current through the 
molten hydroxide and as a result of 
electrolysis the metal was collected 
above the cathode (the negative 
electrode). This method is not now 
favoured on a commercial scale and 
it has been replaced by another 
electrolytic process in which molten 
sodium chloride decomposes as a 
result of the passage of a direct current 
of electricity. 

As the melting point of sodium 
chloride (801°C.) is quite close to the 
boiling point of sodium metal, cal- 
cium chloride is often added to the 
sodium chloride to give a mixture 
which melts at about 600°C. In the 
Downs process a circular carbon anode 
is surrounded by a cylindrical iron 


cathode. The whole ‘cell’ is enclosed 
in a fire-brick box to conserve as 
much of the heat as possible. 

When an electric current is passed 
through molten sodium chloride, the 
negatively charged chloride ions mi- 
grate towards the positively charged 
anode (unlike charges attract one 
another). On arrival at the anode 
each chloride ion gives up its spare 
electron which helps to make up the 
electron deficiency on the anode. It 
is by this movement of charged ions 
that the flow of electrons which con- 
stitutes an electric current can pass 
through certain liquids. As soon as 
the chloride ions have lost their 
charges, they become uncharged 
chlorine atoms which join up in pairs 
to become molecules of chlorine gas. 
These rise through the molten sodium 


chloride and are collected under the 
hood and led away as a valuable 
by-product. 

While this is going on the positively 
charged sodium ions travel to the 
negatively charged cathode, where 
each one gains an electron to become 
a neutral sodium atom. Since sodium 
metal is less dense than fused sodium 
chloride, it rises into the ring-shaped 
space above the cylindrical iron cath- 
ode, whence it is drawn off into a 
storage container. 

There are few technical advantages 
of potassium over sodium, so the 
latter element is used wherever possi- 
ble. Only small quantities of potas- 
sium are produced commercially, 
since sodium can be produced much 
more cheaply from its more abundant 
raw materials. When required, potas- 
sium can be obtained by the electro- 
lysis of molten potassium chloride. 
An alternative method is to use the 
replacement reaction between sodium 
and potassium chloride: 


Na + 
SODIUM 


KCI 
POTASSIUM 
CHLORIDE 


> «K + 
POTASSIUM 


NaCl 
SODI 


CHLORIDE 
Both sodium and potassium are 
very reactive and have similar pro- 
perties. The main difference between 
them is that potassium is more re- 
active than sodium. They are both 
silvery white metals when freshly cut 
but a film soon forms over the 
metallic surfaces. They are so soft 
that they can be cut with a knife. 
Both metals readily combine with 
the halogens (fluorine, chlorine, 
bromine and iodine), phosphorus, 
sulphur, oxygen and hydrogen. The 
hydrides of sodium and potassium 
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The Downs Cell in which sodium and chlorine are produced on a commercial scale by 


electrolysing molten sodium chloride. 


(NaH and KH) which are used as 
reducing agents in organic chemistry, 
are interesting in that the hydrogen 
in the molecule exists as a negatively 
charged hydride ion (H-). 

When put into water sodium and 
potassium react violently to form the 


ONE 
MOLECULE 
HYDROGEN 


hydroxide of the metal (caustic soda 
or caustic potash) while hydrogen is 
set free. So much heat is given out 
by the reaction with potassium that 
the hydrogen ignites and burns with 
a lilac flame. On account of this 
property these metals must be stored 
under kerosene or in air-tight con- 
tainers. On no account should they 
be touched with bare hands. 

Sodium and potassium are essential 
elements for the healthy growth of 
animals, while potassium is essential 
for plants. Sodium is finding increas- 
ing use in sodium-vapour lamps for 
street lighting because the vapour 
gives out a characteristic intense 
yellow light. Various alloys of lithium 
have special applications ranging 
from bearing metal (lithium-lead) to 
aluminium alloys with great strength 
and resistance to corrosion. Caesium 
is used in photoelectric cells. 
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ELECTRICITY 


N electric current is a flow of 

electrons, the tiny, negatively- 
charged units of electricity. It flows 
from the negative part of a circuit 
(where the atoms have more than 
their normal quota of electrons), to 
the positive part to make up the lack 
of electrons in the atoms there. 

In simple electric circuits there are 
three factors to be considered: the 
electrical pressure pushing the current 
around the circuit (t.e. the voltage), 
the resistance offered by the circuit 
(how strongly atoms in any particular 
part of it hold on to their electrons 
and so resist the flow of electrons) and 


the amount of current flowing (the 
number of electrons passing in a 
given time, i.e. their rate of flow). 
These three are related by OHM’S 
LAW. 

The batteries in these circuits are 
pushing current in one direction only. 
The current can only circulate around 
the circuit when it is complete. There 
must be no gaps in the circuit or the 
current flow ceases. Chemical reac- 
tions in the battery replace the sur- 
plus of electrons on the atoms in the 
negative part of the circuit and the 
lack of electrons in the positive part 
as fast as they are removed by the 


DIAGRAMMATIC REPRESENT- 
TOMS IN 


PIECE OF COPPER WIRE 
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Put a surplus of electrons on 
to the atoms at one end ofa 
copper wire and take them 
away from the atoms at the 
other end. This sets up an 
electric pressure. Electrons 
will flow from negative to 
positive to make up the 
deficit. 


The flow of electrons along 
a conducting wire is some- 
what like the flow of water 
along a pipe. The electric 
pressure is like the pressure 
given by a piston pushing 
water along the pipe. 


Electrons can continue to 
flow only if there is a com- 
plete circuit for them to flow 
around. Since all materials 
oppose the current to some 
extent, a power supply (in 
this case a ausery) is needed 
continually to push electrons 
round the circuit. 


Pushing current through a 
circuit is like pushing water 
through a narrow pipe. The 
longer and narrower the 
pipe, the more resistance it 
offers to a flow of water. 


Resistances in Series 


LARGEST RESISTANCE— 


current. Hence the circulation of 
electrons is continuous. 

Direct current is like the one-way 
flow of water along a pipe. Without 
the continuous pressure of a battery 
the flow of electrons would be gradu- 
ally slowed down by resistance, simi- 
larly the water needs to be pushed to 
keep it moving at a steady rate. The 
pressure of water coming out of the 
end of the tube is not as big as the 
initial pressure. Similarly the electrical 
pressure (voltage) is used up in forcing 
electrons through a resistance. In 
fact the pressure drops across a_ resis- 
tance. 


A fairly small pressure can push a large current 
of water through a short tube, which has a 
fairly small resistance. Similarly one battery 
can push enough current through two bulbs 
to light them brightly. 


The same small pressure pushes a smaller 
current through twice the length of tube (in 
fact it pushes half as much water through). 
The same pressure (one battery) now pushes 
current through four bulbs. They glow less 
brightly, since the current through them is 
halved. The total resistance in the circuit is 
the sum of the separate resistances of each 
bulb. 


Only a third as much water can be pushed 
through a tube three times as long (with the 
same pressure) as the first tube. Now there 
are three times as many bulbs in the circuit, 
and their total resistance is three times the 
resistance of the first two. The current passes 
through each bulb in turn, and they are said 
to be connected in series. 


J LARGE PRESSURE 
LARGE FLOW 


SMALLER PRESSURE— 
SMALLER FLOW 


SMALLEST PRESSURE 
LEAST FLOW 


Voltage is phe ohag-tey to Current mee 
(through the same Resistance) 


Different pressures push different currents through the same 
large resistance (all the bulbs connected in series). The larger 
the pressure (voltage) across the same resistance the larger the 
current. So the current and voltage increase together and are 
said to be proportional to each other. 


Ohm’s law 


LARGE PRESSURE— 
LARGE RESISTANCE 


Voltage is proportional to Resistance 
(to give the same Current) 


The same current can be pushed through the circuit by havin 
a large pressure and a large resistance, or a small pressure an 
a small resistance. So to give the same current, voltage and 
resistance must increase or decrease together. 


Voltage, current and resistance are related. In these diagrams one of the three is fixed, so 
that it can be shown how the other two depend on each other. 


So the voltage is proportional to 
both current and resistance or V 
(volts)= I (current in amps) x R 
(resistance in ohms). 


The triangle gives a simple method 
of remembering Ohm’s law. Cover up 
the item required and the formula for 
working it out will remain. 


This law holds for any electric V=I1xR 
circuit, provided the units in which V 
voltage, current and resistance are ein | 
being measured are, respectively, V 
volts, amps and ohms. i tT. 


Resistances in Papallel 


FOUR BES— 
_ FOUR TIMES AS 
MUCH FLOW 


TWICE AS MANY | | 
TUBES, TWICE AS 
MUCH FLOW 


4 


The total amount of water pouring out of the pipes is increased if a number Of alternative (parallel) 
routes are provided for it. Although the current flowing through each branch may be small, the total 
current is larger. The same pressure pushes a larger current, so the resistance of the whole arrangement 
must be smaller. Connecting resistances in parallel reduces their effective resistance: the more parallel 
routes the more the current. Effective total of a number of resistances (R, R, R;, etc.) in PARALLEL 
is given by: : | | ete : 

for RR Rk 
Effective total of a number of resistances (R, R, R;, etc.) in SERIES is given by: 

Rroet = Ry + Re + Rs + 
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SCIENTIFIC INSTRUMENTS 


THE ASTRO 


HE chief requirement of a tele- 

scope, so far as the average 
person is concerned, is the ability to 
magnify small and distant objects. 
Certainly, the astronomer would not 
deny that this is extremely desirable, 
yet the most important function of the 
instrument in the field of astronomy 
is simply to gather light. The light of 


Because of Earth’s rotation, stars appear 
to move during observation. Long ex- 
posure photograph (above) shows them as 
streaks (except for Pole Star which 1s in 
line with Earth’s axis). 


the Sun, Moon and brighter planets 
reaches us in comparative abundance. 
But, unfortunately, the celestial bodies 
about which the astronomer is most 
curious are situated at such enormous 
distances from our Solar System that 
their level of luminosity is thousands 
of times fainter than that of our 
Moon. 

Telescopes are divided into two 
broad classes, Refractors (lens tele- 
scopes) and Reflectors (mirror tele- 
scopes), and with the more recent 
advent of Maksutov-type instruments 
the two classes overlap. Reflecting 
telescopes produce images entirely 
free from chromatic aberration —-a 
decided advantage over the refractor 


for certain types of work (see page 
326). On the other hand, refractors 
are free of the diffraction effects which 
arise from the slight bending of light 
around the supports of the second 
mirror in the reflecting telescope, 
although these effects are not neces- 
sarily obtrusive. Of the two, the 
refracting telescope is familiar to 
everyone; the marine spy-glass, bino- 
culars and opera glasses use a 
principle which is the same as that 
employed in the astronomers’ instru- 
ments. This system is illustrated on 
page 650. Light from the object 
under observation enters the objective 
lens at A. Objective lenses are nearly 
always corrected for chromatic aber- 
ration (i.e., the lens defect which 
produces rainbow fringes around an 
image) if employed in astronomical 
work — there are exceptions, particu- 
larly in the field of Solar astronomy, 
but these are outside the scope of this 
article. The light is refracted, or bent, 
by an amount which is determined by 
the curves of the objective lens, and 
forms an image at B. This image is 
inverted, in the same way that an 
image thrown by a camera lens upon 
a photographic film or plate is inver- 
ted; in fact, if we place a photographic 
plate at B we simply turn the telescope 
into a camera, which is precisely what 
the astronomer does to secure his 
photographs. The function of the 
small lens at C is to magnify the 
image formed by the front lens, and is 
called the eyepiece. By substituting 
lenses of different focal lengths the 
magnifying power of the telescope 
can be varied. 

In this era of giant reflectors it is 
perhaps surprising to learn that this 
type of instrument is a comparative 
latecomer to the field. The actual 
principle dates back over two hundred 


years, but the task of adapting the 
principle satisfactorily received a 
number of technical setbacks during 
this time. Today, large telescopes are 
invariably reflectors, and it is doubtful 
whether the forty-inch refractor of 
Yerkes Observatory at Williams Bay, 
Wisconsin, will ever be _ bettered. 
There are a number of reasons for 
this. While the casting of large glass 
discs is still a matter of extraordinary 
skill and considerable expense, the 
casting of large discs of optically pure 
glass suitable for working into lenses 
is infinitely more difficult than casting 
mirror-blanks. The thickness of a lens 
will increase with diameter, and this 
will mean an increase in the amount 
of light absorbed in the glass — 
hardly a situation likely to appeal to 
the astronomer. Moreover, a lens 
must be supported at the edge; a 
massive disc of glass (the Yerkes lens 
weighs 500 lb.) thus supported will be 
liable to distort under its own weight 
and this will have an extremely 
detrimental effect upon the image. 

These problems do not arise with 
the reflecting telescope. The optical 
purity of the glass is not necessarily 
the most important feature of the 
mirror, providing that the surface 
which is to be worked optically 
fulfils certain requirements. This, of 
course, is the essential difference 
between both systems; light passes 
through the lens of a refractor, hence 
the need of optical purity; it is 
reflected from the surface of the 
reflector’s mirror without being 
affected by the quality of glass be- 
neath. 

The second diagram shows the 
principle of the Newtonian reflector. 
Light passes along the telescope tube 
and falls on the surface of the mirror. 
The mirror surface, shaped very 


accurately to parabolic form, is coated 
very thinly with a film of silver or 
aluminium (present-day mirrors are 
normally coated with aluminium 
since silver so readily deteriorates in 
the presence of atmospheric impuri- 
ties). The parabolic mirror forms an 
image at its focal point A. But before 
the pencil of rays reaches this point it 
is intercepted by the plane mirror B, 
inclined at 45° to the optical axis of 
the primary mirror. The pencil of 
rays turns to form an image beyond 
the light-receiving area of the large 
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mirror, where it is magnified by the 
eyelens C. This was the development 
of Sir Isaac Newton, hence the name 
of this type of system. This type of 
reflector is favoured by the amateur 
because of its basic simplicity. How- 
ever, large modern instruments are 
not rigidly designed around this prin- 
ciple alone; greater flexibility is 
obtained by incorporating another 
optical system, that of Cassegrain. 

In the Cassegrain system the small 
secondary mirror B is replaced by a 
convex secondary, and a hole is 


pierced in the primary mirror (dia- 
gram 3). The image and eyepiece 
lie behind the main mirror, a distinct 
advantage in several ways, but per- 
haps the greatest advantage of this 
type of system is that the focal length 
of a large mirror is folded back, 
reducing what might otherwise be a 
long unwieldy telescope tube to an 
instrument of more manageable pro- 
portions. 

There is a long-standing dispute 
regarding the relative merits of re- 
fractors and reflectors. Among ama- 
teurs, those who possess large tele- 
scopes invariably favour reflectors and 
a high percentage of them are home- 
made. The production of a small 
telescope mirror is more a feat of 
determination and patience than in- 
herent skill, while the initial outlay 


need not be more than a pound or two. The cost of 
producing a twelve-inch achromatic lens, apart from the 
labour involved, is so great as to be well-nigh pro- 
hibitive, but twelve-inch reflectors are quite common 
in amateur observatories. Moreover, where garden space 
is at a premium the usual refractor focal-ratio (focal 
length ~ diameter of aperture) of f15 compares un- 
favourably with that of the average reflector, 6. 

Whether employing refractors or reflectors, the amateur 
is essentially an observer, drawn to astronomy simply 
because it appeals to him, and being free to concentrate 
on any particular branch at will, he covers an extensive 
field. Apart from his telescope he needs only a Star Chart, 
a reasonably accurate watch and clear skies. 

Care and accuracy are qualities that cannot be divorced 
from an observation. The date, time, aperture of instru- 
ment used, magnification and clarity of seeing are an 
essential part of it and must be entered in the Observation 
Book as a matter of course. Before an observation is 
commenced the telescope must be carefully focused by 
moving the eyepiece towards or away from the lens or 
mirror. When properly focused, star images should 
appear as sharp tiny points of light, or if the moon is 
being observed, the edge—limb to an astronomer — 
should be crisply defined. Sometimes it will be impossible 


A refracting telescope. Objective lens A forms a real image at 
B which is observed through the magnifying eyepiece C. 
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Newtonian form of reflecting telescope. Real image formed by 
the concave mirror is observed through side of telescope. 


to focus properly, this will be due to atmospheric tremors, 
and nothing can be done about that, 

A wristwatch is a necessary part of every observers 
equipment. It should be checked against the B.B.C. 
‘pips’ before each observation. Every detail entered in the 
observation book must be accompanied with the time of 
its appearance. Time can be entered as G.M.T., but a 
more useful system is G.M.A.T. (Greenwich Mean 
Astronomical Time). In this system midday is o hours 
G.M.A.T., and midnight 12 hours G.M.A.T. The obvious 
advantage is that it avoids a change of date during the 
night. An observation, no matter how carefully conducted, 
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is quite worthless if the time has been omitted. Summer 
Time, incidentally, is not used in astronomy. 

Not all observations are made in the form of notes or 
timechecks. Drawings of the planets are always interesting 
and sometimes valuable. They should be neatly made and 
contain only those details the observer has seen with 
absolute certainty. ‘Artistic Licence’ has no place in astro- 
nomincal drawings, indeed, it is not even necessary for 
an observer to possess any particular talent with a pencil, 
so long as he is satisfied that his drawing contains all the 
details he saw in their correct positions. He should gain 
heart from the knowledge that his drawing, made with 
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Cassegrain form of reflecting telescope. Real image formed by 
the concave mirror is observed through end of telescope. 


modest equipment, will almost certainly show as much 
detail as a photograph made with an instrument several 
times larger. Finally, each drawing should be accom- 
panied by the date, time, magnification, state of seeing 
(good, bad or any relevant remarks) and the observer’s 
name. 

The amateur will soon discover that few nights allow 
first-class observing. A dark winter’s night, with the stars 
flashing like gems against the velvet sky will almost 
certainly be disappointing, because the fact that the stars 
flash and tremble at all denotes an unsteady, turbulent 
atmosphere. On the other hand misty nights are fre- 
quently nights of clear seeing — at least, for the planets; 
the fainter stars will be almost blotted out on such an 
evening. Some experience is needed to judge the state of 
the atmosphere before actually observing; until this is 
gained the beginner should attempt to observe on every 
clear night. 

Limited only by the extent and quality of whatever 
equipment he is able to obtain for himself or share with 
others, the amateur enjoys a freedom which the profes- 
sional astronomer might well envy. Historically the 
amateur has played a significant part in the sphere of 
discovery, particularly in the fields of lunar and planetary 
observation although, alas, few can hope to fill this role 
today. Yet to recognise, and work within his limitations is 
the hallmark of the serious amateur, as the highly interes- 
ting and ingenious papers regularly published in, for 
example, the Journal of the British Astronomical Association so 
clearly show. An excellent example of valuable amateur 
work is the vast number of variable star observations 
annually collected at Harvard Observatory for analysis 
by the professional astronomer, a type of observation 
admirably suited to small telescopes and a singularly useful 
liaison for the professional, since it releases him from the 
more onerous business of routine observations. 


PHYSIOLOGY 


IVING things respond to changes 
in their surroundings. Their suc- 
cess or failure depends on whether 
they make the right responses or not. 
Thus a flowering plant survives largely 
because its roots grow downwards 
into the soil to obtain a supply of 
water and minerals and because its 
stem grows upward, so that the leaves 
can obtain light and carbon dioxide 
for photosynthesis. In a similar way an 
animal’s responses (at the simplest 
level) take it towards food and away 
from danger. 

Though experiments on various 
protozoans show that they are res- 
ponsive to many stimuli, such as light, 
heat, touch and chemicals, their 
responses are limited and generally 
consist of a random avoiding reaction. 

Amoeba, for example, has no sense 
organs. The whole of its surface reacts 
in the same way to a variety of 
stimuli. 

Higher animals possess special sense 
organs (é.g. eyes) and are able to 


Free nerve endings in the skin highly 
magnified. These have no special capsules 
at their ends. They are probably pain 
receptors. 


make more precise responses. The 
response to a particular stimulus is 
not always the same, for in combina- 
tion with the signals received from 
other sense organs and the store of 
information accumulated from past 
experiences, the ‘set’ actions of the 
animal are modified. This is partic- 
ularly so in man. A top class tennis 
player will vary the shots he makes 
when in similar positions to avoid hav- 
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A coiled nerve fibre enclosed in a thin 
connective tissue capsule. Meissner’s cor- 
puscles have this construction and are 
Sound in the skin of the palms and soles 
and in the finger tips and tips of the toes. 


ing his game ‘read’ by an opponent. 

When asked how many senses we 
possess, most people mention only 
five — sight, hearing, smell, touch and 
taste. But in fact there are many more. 
These include balance and we are 
also sensitive to heat, cold, pressure 
and pain. Signals to the brain from 
sense organs in the gut signify the 
need for food and we are also aware 
of thirst. 


NERVE FIBRES 
SWEAT GLAND 


A hair-basket organ highly magnified. It 
consists of nerve fibres wrapped around the 
hair base. The nerve endings are stimu- 
lated when the hair is touched. 


It is probable that free nerve 
endings (not connected with receptor 
cells) in the skin act as sense organs. 
Various organs that are more com- 
plicated have been recognised. Such 
are pressure receptors, Meissner’s cor- 
puscles in the skin, and the basket 
organs that surround the base of hairs 
(see illustration). There are certainly 
also hot and cold receptors in the skin. 

Some biologists dispute whether 
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The tubeworm is expanded, its tentacles 
spread to collect food particles. A distur- 
bance in the water stimulates sense organs 
on the worm withdraws rapidly into its 
tube. 


The avoiding reaction in a protozoan, 
Paramecium. On hitting an object it 
backs away and then moves forward in 
another direction. If it contacts the object 
again the movement is repeated until it 
passes unimpeded. 


rs 


Web-spinning spiders have sensitive hairs 
on their legs. The vibration of the web 
strands affects them and this informs the 
spider that prey 1s entangled in the web. 


there are discreet structures for some 
of these senses. They suggest that the 
handling of the receptors during their 
preparation (staining, etc.) may pro- 
duce structural differences and they 
prefer the idea that the interpretation 
of a stimulus depends on which 
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When a finger touches a hot object the normal reaction is for the hand to be quickly 
withdrawn (a reflex action). But if a hot valuable plate is picked up then the act of 
withdrawing the arm is often modified and we make an attempt to hold on to the plate by 
juggling with it until we find a suitable place to put it down. 


nerve tract carries the signals to the 
central nervous system. Thus when 
the endings of the optic nerve are 
stimulated the signals that pass to the 
brain are always interpreted as light. 
That is why we sometimes ‘see stars’ 
when we receive a heavy blow on the 
head. The blow stimulates the optic 
nerve and the brain interprets the 
signals it receives as light. 

The simple receptors for the senses 
described are indeed simple in struc- 
ture compared with those for sight 
(the eyes) and those for hearing and 
balance (the ear). Besides the semi- 
circular canals in the ear (see page 
234) special nerve endings (the spindle 
organs) in the muscles are concerned 
with the body’s balance. Further 
articles will discuss these, hearing 
and vision. 

The skin is richly supplied with 
receptors. This is of considerable 
importance, for the surface of the 


_body is in direct contact with the 


surroundings. If contact with an 


_ object is painful then a part of the 


body can be moved rapidly away 
before too much damage is caused. 
Similarly a pleasant sensation may 
result in further movement towards 
the object encountered. 


Some areas of the skin are far more 
sensitive than others. The soles of the 
feet, the palms of the hand, and the 
lips are particularly sensitive. Though 
the skin registers pain and is sensitive 
to touch, heat, cold and pressure, very 
few types of receptor have been 
identified. Free nerve endings have been 
found in all parts of the skin. The 
bases (follicles) of the hairs have 
nerve-endings wrapped round them 
—the basket organs, and the lower 
layer (dermis) of the skin contains 
coiled nerve fibres surrounded by a 
thin covering or capsule (e.g. Meissner’s 
corpuscles). 

Organs lying in the deeper layers 
of the skin are sensitive to pressure 
and vibration and it is thought that 
the free nerve endings are pain receptors. 
They respond to various stimuli — 
great pressure, chemicals, pin-pricks 
and extremes of temperature. Experi- 
ments show that definite areas of the 
spinal cord-are set aside for nerve 
fibres that carry signals indicating 
pain. When these fibres are cut, as 
may happen in serious accidents, the 
patient loses all sense of pain in the 
region of the body below the cut. 

The simple reaction to pain is a 
reflex one — the affected part is with- 


TO BRAIN 


TRACT IN 
SPINAL CORD 
drawn quickly and automatically from 
the offending object. But having had a 
painful experience in the past otr 
muscles are controlled in such a way 
that an object known to be harmful 
is avoided. 

There are also pain receptors inside 
the body. Various conditions — a duo- 
denal ulcer, for example - give the 
sensation of pain. 

By moving a moderately warm 
object or a cold object near to the ski 
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A diagram to show the path of a signal 
from two skin receptors in a finger into 
the spinal cord and to the brain along a 
special nerve tract. 
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MEISSNER’S 
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GANGLION 


numerous ‘hot’ and ‘cold spots’ can 
be mapped out. It is suggested that 
specific receptors are stimulated, 
[though parts of the skin (e.g. that of 
the ear) lack receptors other than 
free nerve endings or hair basket 
organs]. 

Touch receptors are of several 
kinds. The ends of the nerve fibres of 
hair basket organs are very sensitive 
to slight movements of the hairs. The 


of the stiff hairs (vibrissae, 
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By placing hot and cold objects on different parts of the fingers ‘warm’ and ‘cold’ spots 
can be mapped out. The lower diagram shows a greatly enlarged portion of a finger and 
indicates the position of the touch and pressure receptors associated with the finger ridges. 


e.g. ‘cats whiskers’) on each side of the 
snout in many mammals are partic- 
ularly sensitive. 

The tips of the fingers are well 
supplied with receptors. Two types 
have been identified, both associated 
with the ridges that leave ‘finger- 
prints’ (see illustration). Mezssner’s 
corpuscles are probably sensitive to 
fairly large disturbances of the skin, 
whereas the simple Merkel’s corpuscles 
are stimulated by very light touch. 
Touch receptors on such parts as the 
lips are also highly sensitive. 


Some of the receptors within the 
body are sensitive to chemical stimuli. 
The cells of the respiratory centre in 


the medulla (see page 553) are 
sensitive to the carbon dioxide con- 
centration of the blood, for example. 
Signals from receptors in the lungs 
pass to the respiratory centre also. 
Signals pass from the receptors in the 
heart to the cardiac centre in the 
medulla and play a part in the control 
of the heartbeat (see page 482). Cells 
in the hypothalamus are sensitive to 
changes in the blood osmotic pressure. 
Signals from them pass to the pituitary 
gland (see page 418), which is stimu- 
lated into producing a hormone 
(chemical signal) that acts on the 
kidneys. 

The body, therefore, is equipped 
with a range of receptors, some of 
which respond to the slightest stimulus, 
while others are only stimulated by 
more intense stimuli. But when any 
are stimulated sufficiently, signals 
pass along nerves from them to the 
central nervous system. Within the 
latter the mass of information received 
from receptors can be acted upon 
immediately or stored for future 
reference. The system of receptors 
plays an important part in the inte- 
gration of the body’s actions. 
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ELECTRONICS 


The Cathode Ray Tube 


HE most important part of a tele- 
vision set or the very useful 
piece of scientific apparatus the cath- 
ode ray oscilloscope (which has 
already been described on pages 
380 — 382) is the cathode ray tube. From 
the outside the tube looks like a 
cylinder of glass about five centimetres 
in diameter which widens out at one 
end and can have its face up to sixty 
centimetres across in the largest tubes 
which are used in television sets. The 
remarkable thing which a cathode 
ray tube can do is to turn an invisible 


movement of electrons, providing it 
is a repeated movement, into something 
which can be seen at the wide end of the 
tube. 

The first important part of the tube 
is the cathode which, as in all electronic 
tubes, produces a stream of electrons 
when it is heated. These electrons 
pass straightaway through a grid, so 
called because it acts like the grid in 
a triode valve. However the cathode 
ray tube ‘grid’ is usually made in the 
form of a circular disc inside a 
cylinder so that the beam passes 


through it in one single ‘strand’ and 
is not split into many smaller strands 
as it would be if the usual wire grid 
were used. The purpose of the grid in 
the cathode ray tube is to limit the 
number of electrons which make up 
the beam and so control the number 
which get to the screen. This in turn 
controls the brightness of the trace on 
the screen. 

Next the electrons pass through a 
pair of cylinders which have a very 
large positive electrical charge on 
them. These are called the anode 


A simplified side-view of the Cathode Ray Tube 


FILAMENT 
HEATER 


ELECTRON 
BEAM 


SECOND 
ANODE 
(FOCUSING 
ANODE) 


Y PLAT! 
(VERTICAL 
DEFLECTION 

PLATES) 


How the Grid works 
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(Left): When there is no difference between the cathode voltage 
and the grid voltage, electrons streaming from the cathode pass 
unhindered through the hole in the grid. (Centre): If a voltage 
ts arranged to make the grid more negative than the cathode, the 
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stopped. 


grid repels electrons. Only the fast moving ones can get through. 
(Right): If the voltage makes the grid much more negative than 
the cathode none of the electrons can get through, so the beam is 


since anode is the name given to the 
final electrode which follows the grid 
in usual electronic valves. This is not 
a very good name in this case, 
however, since the anode in the 
cathode ray tube does not collect 
electrons as does the one in the usual 
valve; in fact its purpose is to make 
the electrons travel faster down the 
tube by pushing them away. The 
anode also has the important property 
of making the electrons bunch to- 
gether into a narrow beam so that they 
appear as a fine spot and not as a 
blur on the face of the tube. 

Now that the beam has been 
speeded up and made very narrow 
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the effects of an electric voltage can 
be applied to it. This can be done 
using a pair of deflector plates — small 
metal plates held one on either side 
of the beam. If a voltage is applied to 
the plates so that they become 
charged the beam will be deflected 
when it passes between them. The 
amount which the beam is deflected 
is proportional to the voltage applied 
to the plates. The deflected beam then 
carries on to hit the face of the tube 
at some point. 

One pair of plates can only cause 
the beam to move either towards or 
away from one of the plates; it cannot 
make it move in the other direc- 


How a Charged Plate affects the Beam 
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(Left) When the plates are uncharged the beam of electrons passes through without 
changing its direction. (Centre) If a negative charge is put on to the bottom plate it repels 
the beam of negatively charged electrons. (Right) If the negative charge on the bottom 
plate is doubled, the beam of electrons is repelled twice as strongly and is deflected 
twicemas far from its original path. If the charges on the plates are varied (by adjusting 
the voltage between them) then the deflection of the beam varies too. The spot of light 
where the beam hits the screen traces out a path proportional to the charges applied 


to the plates. 


tion (which in the diagram is in or 
out of the paper). In order to cause 
this movement in a second direction a 
second pair of plates is put into the 
tube as shown in the picture so that 
they are at right angles to the first 
pair. This second vertical pair of 
plates used alone can make the beam 
move in and out of the paper but not 
up and down. However, with both 
pairs of plates used together the 
direction of the beam can be altered 
in order to make it reach any point 
on the face of the screen. 

The point on the face where the 
electron beam hits it is made visible 
by coating the inside of the face of the 
tube with a fluorescent material 
(usually zinc sulphide) which gives 
out a bright green light when electrons 
fall upon it. Then, if the voltage of the 
vertical plates is changed, the spot 
moves across the tube in what would 
be the X-direction on a graph. For 
this reason the vertical plates are 
called the X-plates. Similarly, if the 
voltage of the horizontal plates is 
changed the spot moves vertically on 
the screen i.e. in the Y-direction so 
these are called the Y-plates. Electrons 
are very light and small compared 
with the gas molecules which are in 
the air and if an electron hits one of 
these molecules it will be stopped or 
its direction changed. To prevent this 
from happening to the electron beam 
as much of the air as possible is pumped 
out of the tube during manufacture. 

The distance that the spot moves on 
the face of the tube can be used to 
measure the voltage applied to the 
plates. The most important use, how- 
ever, of the cathode ray tube is to 
show a repeated voltage, however 
complicated, as a pattern on the tube 
face. What is more, a pattern can be 
produced even when the voltage is 
repeated many million times each 
second! With an oscilloscope the 
voltage can be measured at any time 
during the repeated change (usually 
called a cycle) and also the time which 
the cycle takes from start to finish. In 
order to use the cathode ray tube in a 
television set a very complicated 
series of voltage pulses has to be 
applied to the deflection plates to 
make the spot produce a picture on 
the screen. 
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DYNAMICS 


If the moving parts of a machine 

are not lubricated at regular 
intervals the machine will not func- 
tion satisfactorily. Eventually the 
machine will grind to a halt because 
of the lack of oil. An extreme instance 
is the seizing up of an internal com- 
bustion engine in which the moving 
parts have become dry and over- 
heated. 

Application of oil or grease reduces 
the frictional forces which exist be- 
tween the rotating shafts, spindles or 
wheels, and the fixed supports and 
thus enables their surfaces to slide 
easily over one another. Whereas a 
pair of dry surfaces will ‘bite’ into 
one another, even if they are com- 


(Left): An enlarged section through dry 
bearings showing irregularities. (Right) : 
Oil film separating the surfaces. 


paratively smooth, the presence of a 
thin film of lubricant between the 
stationary and moving surfaces en- 
ables the surfaces to ‘float’ one on the 
other. The slight irregularities in one 
surface are kept clear of the imper- 
fections of the other surface by the 
film of lubricant. 


OR BUSH 


A rotating shaft needs to be sup- 
ported at, or close to, its ends. If it is 
long additional supports or bearings 
may be needed at intermediate points 
as well. The simplest form of bearing, 
which is quite satisfactory if the speed 
is low and if the only forces acting on 
the bearing are perpendicular to the 
shaft, is the journal type. In this type 
the shaft is supported by a close- 
fitting hollow cylinder called a shell 
or bush. As the bush may be subject 
to considerable wear, it is made so 
that it can be easily replaced in the 
bearing housing. 

Lack of oil between the bearing 
bush and the shaft results in a con- 
siderable increase in the frictional 
forces acting between the surfaces. 
This, in turn, generates heat which 
causes the metal to expand and 
eventually the bearing seizes up. As 
serious damage to the machine would 
result from bearing seizure, it is usual 
to line the bushes of such bearings 
with a soft alloy which has a fairly low 
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A journal bearing. 


melting point. In this way the bearing 
melts when it becomes overheated 
thus avoiding damage to the shaft or 
whatever the shaft is driving. The low 
melting point alloys come within the 
general classification of white metal. 
There are two different types of 
white metal, the typical compositions 
of which are tin 88%, antimony 8%, 
and copper 4%; and lead 80%, 
antimony 14% and tin 6%. 

In order that the bearings do not 
have to be lubricated too frequently, 
it is necessary to incorporate into 
their design a means of holding a 
reserve of oil. This is usually done by 
having grooves cut in the surface of 
the bush, and also by having a small 
reservoir of oil above the bearing so 
that it can flow down and be distri- 
buted over the surface of the rotating 
shaft as it is required. There are 
sometimes great pressures acting be- 
tween the bearing and the shaft, in 
which case lubricants have to be 
forced in under pressure. 


More satisfactory bearings are the ball and roller types. In these the 
moving shaft and the fixed bearing housing are separated by balls or 
rollers, which run in grooves or races set in the surface of the shaft 
and the housing. The main advantage of these types of bearing over 
the journal type, is that the sliding friction between the surfaces of 
the rotating shaft and the fixed bush has been replaced by rolling 
friction between the balls or rollers and each of the two surfaces. 
The loss of energy in overcoming rolling friction is much less than 
that required to counteract sliding friction. 
' Ball bearings were first used towards the end of the nineteenth 
century and found favour in the construction of the bicycle which was 
then becoming popular. In the original ball bearings the balls completely 
filled the space between the two races, but it is now usual to have the 
BALL THRUST (‘BICYCLE TYPE’) BALL JOURNAL 


balls separated by a metal cage. This serves to keep the balls evenly 
spaced around the race and prevents uneven wear. 

For these bearings to function satisfactorily, it is necessary that the 
balls or rollers and the races are: made from good quality hardened 
steel and that they are manufactured to a high degree of accuracy. 
In particular, it is most important that all the balls in one race are of 
the same size exactly. 

There is a large range of types of ball and roller bearings which 
have been developed to suit various applications, and a few are 
illustrated. Roller bearings are used where there is a large force 
between the surfaces. Tapered roller bearings are useful where there 
is a thrust along the shaft. 


TAPER ROLLER 
JOURNAL & THRUST 


BALL THRUST (CAGED) 


ASTRONOMY 


Six of the nine major planets are 

known to hold smaller planetary 
bodies (satellites or moons) under the 
influence of their strong gravitational 
attraction. But the Earth’s Moon 
holds a somewhat unique position in 
the solar system. It is the only satellite 
which is anywhere near the size of the 
parent planet. The diameter of the 
Moon (2,160 miles) is over one-quarter 
that of the Earth (7,920 miles). 
Other satellites of a comparable size 
(there are only five larger) all belong 
to the giant planets (Jupiter, Saturn, 
Uranus and Neptune) and are quite 
insignificant compared to them. 
Titan, for instance, the largest satel- 
lite, has a diameter of 3,500 miles, 
but the planet to which it belongs, 
Saturn, has a diameter of over 75,000 
miles. 

The Moon is the Earth’s closest 
constant companion in space. On the 
average it is just 239,000 miles away 
and, although this may seem a con- 
siderable distance, it is a mere stone’s 
throw in an astronomical sense. If it 
took a rocket one day to travel to 
the Moon, it would take it over a 
year to reach the Sun travelling at 
the same speed. 

To circle the Earth the Moon takes 
27°32 days and it takes exactly the 
same time to spin upon its axis. In 
other words there is a part of its 
surface which can never be seen 
directly from the Earth. But tilting 
effects, collectively termed Jzbrations, 
mean that, all told, four-sevenths of 
the surface become visible during one 
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Due to its varying orbital speed it ts 
possible to see around alternate ‘edges’ 
of the Moon. 


the Moon which 
Saces the Earth. 


orbit rather than just a half. The 
Moon itself rotates upon its axis at an 
absolutely constant rate but it does 
not move around the Earth at a con- 
stant speed, for the path it follows is 
not perfectly circular. The Moon 
moves fastest when it is nearest the 
Earth and slowest when it is farthest 
away. During its monthly journey, 
therefore, the orbital position and 
the axial position get slightly out 
of step and the Moon presents a 
slightly changing face to the Earth. 
In other words it is possible to peer 
a little way around alternate edges 
of the Moon. This is one tilting 
effect. Another is that the Moon’s 
path around the Earth is inclined at 
a few degrees to its equator. So at 
one part of the month it is possible 
to see just over the Moon’s north 
pole, while a fortnight later it is 
possible to see just under its south 
pole. 

Since the Moon has a much smaller 
mass than the Earth (it would take 81 
Moons to balance the Earth) it also 
has a smaller gravitational attrac- 


The far side of the Moon. A map based 
on photographs taken by the Russian 
automatic interplanetary station, Lunik 3, 
launched in October 1959. 


tion. In fact the Moon’s surface 
gravity is only one-sixth that of the 
Earth. The implications of this should 
prove interesting to lunar visitors. 
It will be possible to throw a ball 
almost half a mile, to jump many 
feet in the air and to pick up seem- 
ingly impossible loads. 
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Small as it is, the gravitational 
attraction of the Moon is very notice- 
able on the Earth, for this is the chief 
cause of our tides. But gravitational 
attraction works both ways and the 
pull of the Earth naturally has an 
even greater effect on the Moon, 
where two tidal bulges are raised in the 
solid rock, one of them always facing 
the Earth and another on the far side. 

Another consequence of the Moon’s 
weak ‘pull’ is the fact that it does 
not possess an atmosphere. It was 
unable to hold down the air which 
may once have surrounded it and the 
gases simply leaked off into space. The 
fact that the Moon is airless (or almost 
so) shows up quite clearly during an 
occultation, i.e. when it passes in front 
of a star. The star continues to shine 
quite clearly until it suddenly disap- 
pears behind the Moon’s bulk. If the 
Moon did have an atmosphere the 
star would flicker and fade before 
finally disappearing. 

Lacking an atmospheric shield the 
Moon has a far greater range of sur- 
face temperatures than anything ex- 
perienced on the Earth. Day tempera- 
tures exceed 100°C. along its equator, 
while at night it is far colder than Ant- 
arctica in mid-winter (a lunar ‘day’ 
lasts for about two Earthly weeks, as 
does the lunar ‘night’). 
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Phases of the Moon 


Because the Moon circles the Earth the por- 
tion of it lit by sunlight appears to be constantly 
changing. When the Moon, viewed from the 
Earth, lies in the direction of the Sun, practically 
none of the lighted. portion can be seen. The 
Moon is then said to be new. But as it moves 
around the Earth, more of the lighted portion 
can be seen until a point is reached, directly 
opposite the Sun, when all of the lighted por- 
tion can be seen. The Moon is.then said to be 
full. The other half of ‘its orbit causes the 
lighted portion visible to decrease until the 
Moon is new again. These are the phases of the 
Moon. 
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The Face of the Moon 


An utterly desolate landscape, starker 
and more rugged than any terrestrial 
scenery, would greet a visitor to the 
Moon. Towering mountain ranges, thrust- 
ing jagged peaks over 35,000 feet into the 
air, rear above a surface scarred with deep 
chasms, pitted with. innumerable craters 
and coated with a thin layer of dust or ash. 

One of the most characteristic features 
of the Moon’s surface is its craters. These 
range in size from small pits to great de- 
pressions over one hundred miles across. 
Some are rimmed by steep walls rising 
perhaps twenty thousand feet above the 
crater floor and several thousand feet above 
the general surface of the land. Others are 
shallow depressions with walls just a few 
feet high. Many have perfectly level floors 
but frequently there is a solitary peak in 
the centre. 

The origin of the craters has aroused a 
great deal of speculation, but they are now 
generally thought to have been caused by 
giant meteors crashing into the Moon and 
exploding upon impact. Craters formed in 
a similar manner are known on the Earth. 
One of the most famous, Meteor Crater in 
Arizona, U.S.A., is 4,000 feet across and 


550 feet deep. The reason why the Earth is 
not pitted with craters like the Moon is 
simply that water, wind and ice have long 
since erased any trace of all but the very 
youngest craters. But there is a lack of 
erosion and deposition on the Moon 
(since wind, water and ice just do not 
exist there) and the cumulative evidence 
of many millions of years of meteoric 
punishment has been carefully preserved. 
This same lack of erosion explains the 
rugged landscape. 

Another interesting feature of the 
lunar landscape is the large dark areas 
which the ancient astronomers took to be 
seas. Although it has been known for many 
years now that they are definitely not seas 
(there is no water on the Moon), they are 
still called by their old names. Thus, there 
is an Ocean of Storms, a Sea of Clouds and 
a Bay of Rainbows. A lunar ‘sea’ is a dry 
plain, perhaps composed of lava, lying some 
distance below the average surface level. 
Some astronomers believe that the impact 
of gigantic meteors opened fissures in 
the Moon’s crust through which molten 
material welled up and spread out across 
the land, filling in pre-existing craters. 


TIDAL 
BULGE 


The gravitational attraction of the Moon is the chief cause of tides. As it moves around the 


Earth it draws a bulge of water with it. When the bulge reaches a particular coast it is 
high tide at that point. Low tide is when the water bulge is farthest away. Actually the Moon 
raises two bulges at the same time: one in the water directly beneath it and one on the 
opposite side of the globe. The second bulge is due to lack of gravitational pull; the solid 
Earth is attracted more to the Moon than the water on its far side which consequently tends 
to be ‘left behind’. : , 

The tide ebbs and flows roughly twice a day, the actual time interval between successive 
high or low tides being 12 hours 25 minutes. This may seem strange seeing that the Moon 
takes about 28 days to circle the Earth, but the other factor is the spin of the Earth itself. 
The time taken for a point on the spinning Earth to make one complete revolution and 
come back to its original position under the Moon is 24 hours plus one twenty-eighth of 24 
hours, which works out approximately at twenty-four hours fifty minutes. Thus two high 
and low tides (corresponding to the two bulges) occur within this time. 

Being so far away from the Earth the Sun does not play such an important role in tides as 
the Moon. But the influence of its gravitational attraction is still noticeable. When the Moon 
and the Sun are pulling in the same direction the tides are higher than normal (Spring Tides) 


and when they are pulling at right angles the rise and fall of the tides is less than normal 
(Neap Tides). 
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Fig. I. The principal parts of a four-cylinder petrol engine. 


The Parts of the ENGINE 


OTOR vehicles are usually fitted 

with multi-cylinder engines hav- 
ing either four or six cylinders, 
though almost any number up to 
twelve can be used. 

A typical four-cylinder engine, with 
emphasis on the cylinders, pistons, 
connecting-rods, crankshaft and fly- 
wheel, is shown in Fig. I. 

The body of the engine consists of 
the cylinder block and crankcase, the 
cylinder head and the sump (lower part 
of the crankcase). 

The cylinder block and upper half 
of the crankcase are usually made in 
one piece from high-grade cast iron. 
The cylinder bores are machined to a 
fine finish, within the cylinder block 
itself. 

The detachable cylinder head, in 
which is formed the combustion 
chamber, is secured to the cylinder 


block by studs or bolts and the joint 
between them is sealed by a gasket. 
This usually consists of a sheet of 
asbestos sealed between two thin 
sheets of copper. The cylinder head 
is a casting in high-grade cast iron or 
aluminium-alloy and it contains the 
valves and various passages whose pur- 
pose will be described in future articles. 


The piston 

The aluminium-alloy piston shown 
in Fig. II is basically a hollow 
cylinder closed by the crown and open 
at the skirt. The piston has two bearing 
bosses formed in opposite sides; into 
these bosses is fitted a steel pin, some- 
times a tube, known as a gudgeon pin. 
The functions of the piston are: 
1. To transmit the driving force or 
thrust of combustion to the crankshaft 
and thus cause it to rotate. 


2. To act as a movable gas-tight plug 
and confine combustion to thecylinder. 
3. To act as a bearing for the small- 
end of the connecting-rod. 

4. To dissipate some of the heat of 
combustion to the walls of the cylinder 
bores. 

Aluminium-alloy is used exten- 
sively in piston manufacture because 
it is light and is a good conductor of 
heat. 

Because the piston expands more 
than the cylinder when they both get 
hot, the piston must be made slightly 
smaller in diameter than the cylinder 
bore. Thus a piston must be fitted 
with some form of sealing rings, called 
piston rings, to prevent the force of 
combustion from leaking downwards 
and to prevent leakage of lubricating 
oil upwards into the combustion 
chamber. 


659 


a 


SCRAPER 
RING 
CROWN 


RING 
GROOVES 


GUDGEON 
HOLE 


SKIRT 


GUDGEON PIN 


BEARINGS 


LOCKING 
PLATE 


STEEL 
nor FIG. Il 


(Above) This ‘exploded’ view shows the 
various parts of the piston referred to in the 
text. (Right) The crankshaft which con- 
verts the up-and-down motion of the piston 
into the rotary motion which ultimately 


turns the wheels. 
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Piston rings are made from special 
cast iron which wears well and re- 
mains springy even when it gets hot. 
The rings are fitted into ring grooves, 
square in section, formed in the out- 
side of the piston. The rings are 
machined slightly larger in diameter 
than the cylinder bore and are then 
‘gapped’, which allows them to be a 
sliding fit in the cylinder and at the 
same time exert a pressure on the 
cylinder walls. When the rings are 
compressed in the cylinder, a small 
gap is left for expansion under run- 
ning conditions. 

There are usually two or three plain 
compression rings in the upper grooves 
of the piston; the bottom groove is 
fitted with a special scraper or control 
ring. 

Gudgeon pin 

The gudgeon pin is an essential part 
of the piston assembly; it is of case- 
hardened steel, usually hollow, and is 
supported by the two internal bosses 
formed in the piston walls (see Fig. IT). 


Connecting-rod 

The connecting-rod is usually a 
steel forging of I section between the 
two circular ends or ‘eyes’; these are 
the small-end and the big-end. Fig. III 
shows a typical connecting-rod. 

There are two basic types of small- 
end. Either the gudgeon pin is clam- 
ped in the split small-end by a 
‘pinch’ bolt, or the small-end is a 
solid ‘eye’ fitted with a phosphor- 
bronze bush or tube. The gudgeon pin 
is an easy ‘push fit’ in the bush and is 
thus free to rotate in both the small-end 
and the piston bosses; it is known as 
‘fully-floating’. 

To limit sideways movement of the 
gudgeon pin a pair of circlips are 
fitted into grooves machined in the 
piston bosses. 

The big-end of the connecting-rod 


is divided so that it can be assembled 
around the crankshaft. The big-end 
bearings are special liners, or steel 
shells, lined with white metal (see page 
656), made in two halves. 

The two halves of the big-end are 
held together by special steel bolts 
which are secured by a locking plate 
(see Fig. III). 


The crankshaft 

The purpose of the crankshaft is to 
convert the reciprocating (up and down) 
motion of the pistons into a rotary 
(turning) motion. 

Fig. IV shows a crankshaft which is 
either a steel forging or a special form 
of casting. The big-end bearings of the 
connecting-rods are secured around 
the crankpins; thus the crankshaft is 
attached to the pistons by means of 
the connecting-rods. 

Certain portions of the shaft, known 
as the journals, do not move up and 
down but rotate in the stationary or 
main bearings. There are usually three 
journals for a four-cylinder engine. 
The main bearings are divided and 
are similar to those found in the big- 
end. The crankshaft is connected to 
the flywheel by means of a flange 
which is an integral part of one end 
of the shaft. 


The flywheel 

The heavy flywheel which is bolted 
to the crankshaft is usually made of a 
special cast iron. 

The main function of the flywheel 
is to store up part of the energy pro- 
duced during the power stroke and 
then use this stored-up energy to carry 
the crankshaft, connecting-rods and 
pistons over the three idle strokes of 
the cycle (see page 642). This enables 
a smooth and more uniform engine 
speed to be obtained. The flywheel 
usually forms one surface of the clutch 
and also carries the starter ring gear. 
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Why are Dyes Coloured? 


HIS question must have puzzled 

chemists for many years, and it 
is only recently that feasible explana- 
tions of the factors affecting the 
colours of dyes have been put forward. 
Such information was certainly not 
available to experimenters like W. H. 
Perkin who started making artificial 
dyes in 1856. 

Dyes are substances which can give 
a permanent colour to fabrics and, if 
they are to be satisfactory, the colours 
must be unaffected by water, soap 
and sunlight. Originally all dyes were 
obtained from natural sources—blue 
from the Indigofera tinctoria plant and 
pink from the scales of the Coccus 
cacti species of insect. Many of the 
natural dyes have been replaced by 
artificial ones made from coal tar, etc. 

Any object which is coloured red re- 
flects red light from its surface. All 
other colours of light which make up 
white light are absorbed by the object. 
Experiments have shown that all or- 
ganic compounds absorb some light, 
but in the majority of instances it is 
ultraviolet light (of shorter wave- 
length than visible light) which is 
absorbed. As these compounds reflect 
the full range of colours in the visible 
spectrum they appear to be white or 
colourless. 

It is thought that the narrow bands 
of light which are absorbed by par- 
ticular molecules or groups of atoms 
produce vibrations in the electrons 
which are orbiting the atoms. The 
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light energy is converted into vibra 

tional energy. This effect is far greater 
where there are double bonds linking 
adjacent atoms in the molecule. Two 
particularly powerful absorbers of 
visible light are the azo (—N=N-—) 
and nitroso (—N=O) groups. These 
and other groups which absorb light 
of specific wavelengths are called 
chromophores. 

The wavelength of light governs the 
sensation of colour it produces in our 
eyes. ‘Red’ light has a longer wave- 
length than ‘green’ light, and ‘green’ 
light has a longer wavelength than 
‘blue’ light. Supposing a particular 
chromophore absorbs blue light. It 
therefore reflects red light and green 
light which together give the sensa- 
tion of yellow. Thus the observed 
colour of this chromophore is yellow. 
Introducing an extra chromophore 
will generally result in the absorption 
of light of longer wavelength. Thus if 
a chromophore which absorbs blue 
light is added to a second chromo- 
phore the combination may now 
absorb green light. The light which is 
reflected in this case, a mixture of red 
and blue, creates in the eye the sensa- 
tion of magenta or purple. 

The introduction of certain inor- 
ganic groups into the molecules of 
some dyes can also produce a varia- 
tion in the final colour of the article. 

There are only a few dyes which by 
themselves can be fixed permanently 
into vegetable fabrics. The normal 


Parahydroxyazobenzene is a yel- 
low dye. Phenylazo—2—naph- 
thol has a related structure, but 
it contains more chromophores 
and is red. 
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If phenolphthalein is put into a solution 
of sodium hydroxide, its disodium salt is 
formed and this is red. 


A 
When the acid has neutralized the alkali, 
colourless phenolphthalein is regener- 
ated from its disodium salt. 


practice when dyeing this class of 
fabric is to treat it first with a sub- 
stance called a mordant (often the 
hydroxide of a metal). The dye is 
then added and reacts chemically 
with the mordant, and an insoluble 
lake is formed. The lake is perman- 
ently fixed into the fabric and it is 
really the lake which gives the fabric 
its colour. For example the red dye 
(madder) originally obtained from 
the climbing plant Rubia tinctorum is 
often used with mordants to dye 
cotton—with aluminium salts a red 
lake is obtained, while a violet lake 
is produced using salts of iron. 
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BIOLOGY 


Leaf Form and Function 


HILE sweeping up the autumn 
leaves one must wonder why the 


trees produce so many leaves only to ~ 


drop them in autumn; why do plants 
have leaves at all; what is their pur- 
pose? 

The leaves are actually the plant’s 
food factories—delicate structures in 
which the vital process of photosyn- 
thesis occurs. This is the process of 
manufacturing sugars from carbon 


A twig of privet. Note the entire leaves 
with one major vein and the axillary buds 
at the base of each leaf. 
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dioxide and water. A typical leaf 
(e.g. that of a beech tree) consists of 
a flat blade or lamina, and a stalk, 
known as the petiole, connecting it 
with the stem. There is not always a 
stalk, however—in which case the leaf 
is said to be sessile. Large-leaved 
plants such as rhubarb have large 
petioles—a stick of rhubarb is actually 
a leaf stalk. The slightly swollen part 
of the stem where the leaf arises is 
called the node. Each node may bear 
one or more leaves which are ar- 
ranged in such a way that none is 
overshadowed completely by another. 
The angle between the leaf and stem 
l called the axil and normally con- 
sa bud. The form of the junction 
een leaf and stem varies in 


Pai fferent types of plant. The leaf base 


sometimes even surrounds the stem. 
Leaves which arise in a group from 
small underground stems (e.g. the 
primrose or plantain) are called radical 
leaves and are said to form a rosette. 

The.first-leaves of a plant are the 
~_(cot-ill-eed-ons) or seed 
es: These are present in the seed. 
yering plants are divided into the 
acotyledons and Dicotyledons accord- 
to whether there are one or two 
leaves respectively. The cotyle- 
dons do not always come above ground 
when the seed sprouts and if they do 
they are usually unlike the later leaves. 

~ Running across a leaf are a number 


of ridges or, veins which indicate the 


- carrying water and food materials. In 


of the conducting strands 


dicotyledons the veins form a network, 
but those of most monocotyledons 
run parallel to each other without 
forming a network: they show parallel 
venation. Monocotyledon leaves are 
usually long and fairly narrow, e.g. 
those of grasses, irises and daffodils. 
Leaf shapes of dicotyledons, however, 
vary enormously according to the 
arrangement of veins and the develop- 


ment of the lamina between them. If 
the margin of the leaf is smooth—as in 
the privet leaf—it is called entire, but 
more frequently the edge will be 
toothed (dentate) to some degree—the 
lamina does not develop completely 
between the major veins or branches. 
This condition reaches its peak in 
compound leaves where each major vein 
or branch has a separate lamina or 
leaflet. If there is one major vein—the 
continuation of the petiole—the com- 
pound leaf is pinnate (e.g. Ash and 
Rose). When there are several major 
veins each with a leaflet the com- 
pound leaf is called palmate (e.g. 
Horse-chestnut). 

At the base of the petiole there are 
frequently stipules. These are out- 
growths which vary in form from green 
leaf-like structures (e.g. in the rose 
leaf) to tiny scales or sometimes spines. 


Detailed structure of a typical leaf 

Internally the petiole is like a small 
stem. Vascular tissues convey water 
and food between leaf and stem. 
Strengthening tissue surrounds the 
conducting vessels. The lamina is 
covered with a waxy non-cellular film 
(the cuticle) which is normally thicker 
on the upper surface than the lower. 
The epidermis (one cell thick) may or 
may not carry hairs. Scattered all over 
the lower surface and appearing oc- 
casionally on the upper surface are 
tiny pores called stomata (singular: 
stoma), through which water, oxygen 
and carbon dioxide pass into and out 
of the leaf. The stomata are bounded 
by special cells (guard cells) which are 
sensitive to air humidity and control 
the opening of the pores. Beneath the 
upper epidermis is the palisade layer 
of rectangular cells which contain 
many chloroplasts. These are ‘packets’ 
of chlorophyll which give the plants 
their green colour, and in which the 
process of photosynthesis is carried 


The simple leaf (left) has one major vein. The oak leaf (centre) is toothed and 1s inter- 
mediate between the entire and the compound pinnate leaf (right). 


out. The spongy layer contains ir- 
regularly-shaped cells and many air 
spaces which connect with the sto- 
mata. The veins run through the leaf 
tissues carrying water and _ food 
materials. The xylem is on top of the 
phloem and there is usually some 
strengthening tissue on each side of 
the vein. Leaves which stand erect 
(e.g. Daffodil) usually have stomata 
distributed on both surfaces and 
palisade tissue on both sides. 

Leaves which survive the winter 
(evergreens) and those of plants in 
desert regions have thicker cuticles 
and are modified to withstand 
drought; the stomata are protected 
by being sunk into pits or by the 
curling of the leaf. Evergreen leaves 
also have more strengthening tissue 
to withstand high winds. 


Leaf fall 

Leaves are periodically replaced in 
all plants—even in evergreens and 
tropical trees, but in these cases the 
leaves are not all shed at once. Only 
the deciduous trees lose all their 
leaves at one time. When a leaf is to be 
replaced a corky substance forms 
between it and the stem. When this 
corky absciss layer is complete the leaf 
is connected to the stem only by the 
vascular (conducting) tissues. These 


snap in a wind or after frost and the. 


leaf falls, leaving a scar on the stem. 
Leaf fall is thus a living process 
involving the formation of special 
tissues. Dead branches do not shed 
their leaves. Before leaf fall the leaf 
often assumes rich colours—the reds 
and golds of autumn. These are 
associated with chemical changes 
which accompany the removal of 
food material from the leaf. 


Variations in leaf form 

The typical flat green leaf is often 
modified for other purposes. The 
plants known as succulents have thick 
fleshy leaves which act as water stores 
for the plants, which usually live where 
there is irregular rainfall. Leaves for 
food storage are found in bulbs (e.g. 


YOUNG GORSE PEA FLOWER 
PLANT WITH THREE WITH TWO 
TYPES OF LEAF AND TYPES OF 
COTYLEDONS AT BASE TENDRIL 
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the main vein and the lamina of the leaf. 
(Right) A close up of a stoma and the 
surrounding cells of the leaf. 


the Onion) whose fleshy leaves store 
food for the next season’s growth. 
Tendrils are climbing organs which 
twine around supports. They may be 
modified stems, leaves or stipules. 
Those of a Sweet-pea are modified 
leaflets of a compound leaf. Plants 
which trap insects to increase their 
food supplies have specially modified 
leaves which attract and trap the 
insects. Leaves may be reduced to 
spines (e.g. in the Gorse) where the 
stem takes over the photosynthesis of 


The almost entire leaf (left) has several major veins (palmate condition). The compound 


palmate leaf of the Horse-chestnut is the final stage of development of this type of leaf. 


THE GRASS PEA 
WITH STRAP 
SHAPED PETIOLES 


ES FOR 
CAPTURING INSECTS 


PALISADE ° 
TISSUE 


food. Young gorse plants, however, 
have normal leaves. The small scales 
found on winter buds (e.g. the Horse- 
chestnut) are also modified leaves 
and, as will be seen in a later article, s 
the petals and other parts of they 
flower are considered in the same way. 
Occasionally leaves are completely 
absent—the stem will then be photo- 
synthetic, but in the Grass Pea the 
petioles remain and look just like 
blades of grass. 
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A PICTORIAL SUMMARY OF 


Force of col- 
lision alters 
skater’s 
velocity 
and direc- 
tion ‘of 
movement. 
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Dynamics is the study of movement, its laws, and the forces which influence it. 
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Madsing velocity I = 
in a straight line. jewgee% ea Eee 


Movement is governed by certain laws called the laws of motion. The first law of motion describes the behaviour of an object if there are 
no forces acting upon it. If the object is at rest, then it stays at rest. If it is moving with a certain velocity then it continues to move ina J 
straight line with that same velocity unless it is acted on by a force. 


This stationary particle in outer space This moving particle in outer space con- The force exerted by gravity prevents 
remains stationary because there are no tinues to move with unchanging velocity the rocket from travelling along the 
forces acting upon it. because there are no forces acting uponit. straight-line path shown here. 


Second Law of Motion 


A steady force acting on a body makes it 
accelerate. This acceleration is directly 
proportional to the size of the force and 
inversely proportional to the mass of the 
body. 


noe See 


v 


Because twice the force is being exerted 
on one block, its acceleration is double 
that of the other block. 


Third Law of Motion 


To every action there is an equal and 
opposite reaction. 


bse books presses down 

BlemBhe books do not fall 

through because’the table presses back 
on them with exactly the same force. 


Acceleration is proportional to the force producing it. All the cyclists are of similar mass. 
The winner had accelerated more rapidly because he has exerted a greater force on his pedals. 


It is much easier to push an empty wheelbarrow than one which is full. Because of its 
smaller mass, the same force produces a greater acceleration on the empty wheelbarrow. 
When the mass is doubled, the acceleration is halved. Acceleration is inversely proportional 
to the mass of the body. 
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other attracted by 
attracting force 
distance between pores 
proportional to their masses (Le. large ‘masses, |: on ies 
inversely proportional to the s come of the mene apart 
aetarice x distance). If the particles are moved to be twice as 
r apart then the force of attraction is quartered. 


The force of gravity acting on the diver gives him an acceleration 
of 32 ft. per second per second. At the end of every second he is 
travelling 32 ft. per second faster. Near the Earth’s surface 
gravity produces this acceleration on all falling objects. 
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HIGH POTENTIAL ’ 
ENERGY 

NO KINETIC CY 
ENERGY —— 


THE LU Sc nl lays ON TOP 

OF THE WALL HAVE ALL THEIR 
ENERGY STORED AS POTENTIAL 
ENERGY READY FOR USE 
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GAINING KINETIC 
ENERGY AND 
LOSING POTENTIA 


Potential and Kinetic Energy =~ — 


Mechanical energy is considered to be either kinetic (associated 


with moving shew or potential energy (which is stored up 
ready to be u 


The arrows fans into the air are losing kinetic energy as the 
pull of pant restrains their flight. they rise, they gain 


otential energy. The potential energy is reconverted to 
inetic on their return to Earth. 


Interference 


WO 100-watt lamps are expected to give out twice 

as much light as one. Generally speaking, when two 
beams of light of equal intensity are combined, they give 
a beam of doubled intensity. But this is not always so, 
and in very special circumstances two light beams may 
add together to produce total darkness. The reason for 
this peculiar behaviour, called interference, is that light, 
like sound or radio signals, is a form of energy carried by 
waves. As light travels in straight lines at the phenomenal 
speed of 186,000 miles a second, its waves vibrate up and 
down about 500,000,000,000,000 times a second. This 
vibration stimulates the retinas of our eyes. 

If the waves in two beams of light go up and come 
down together, they reinforce each other, and the in- 
tensity of a combined light beam is increased. The two 
beams are said to be in phase. But if two light beams are 
mixed so that the ‘ups’ of one coincide with the ‘downs’ 
of the other (i.e. they are out of phase), the ups and downs 
will cancel out, and the beam of light will disappear. 
When waves reinforce, it is called constructive interference, 
and when they cancel out, destructive interference. 

Interference of light is difficult to detect since its waves 
are so very small and vibrate so rapidly. However, inter- 
ference takes place with any kind of wave motion, and 
the effects of interference can be more easily seen by 
examining the behaviour of water waves, which are in 
many ways similar to light waves, but travel more slowly 
and are more easily noticeable. 

Water waves spread out from a disturbance in the 
centre of a pond as light waves spread out from a light 
bulb. If there are two disturbances in the same pond, 
waves from one interfere with waves from another. Where 
the crests of one meet the troughs of another, the waves 
disappear. They disappear completely if the two dis- 
turbances are of equal intensity (i.e. the vibrations of one 
are the same size as the vibrations of the other), and they 
stay in the same place if the waves (i.e. of both disturbances) 


Wherever a crest 
coincides with 
a trough, the 
water surface is 
flattened. 


a 


~> 
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both have the same wavelength (the distance between one 
crest and the next). 

Both these conditions have to be satisfied if two light 
beams are to add to produce darkness. The two sources 
of light must both give beams of equal intensity, and both 
must produce light of the same wavelength. That is, 
they must be monochromatic (i.e. give out light of the 
same colour since the different colours of light are distin- 
guished by their different wavelengths). 

But although the light from two monochromatic light 
bulbs will undoubtedly interfere, constructively in some 
places and destructively in others, this effect will never be 
visible. The reason for this is that any light source never 
makes a continuous wave of light. It emits waves in short 
broken pulses of waves, and no two sources of light 
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DOUBLE CRESTS— 
A CREST COINCIDES 
WITH A CREST 


FLATTENED REGION— 
‘A CREST COINCIDES 
WITH A TROUGH 
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THE TWO REFLECTED 


BEAMS INTERFERE 
DESTRUCTIVELY 


TO MAKE A 
DARK FRINGE 


will break one pulse and start a new 
one at the same instant. So even if the 
ups and downs of the two light beams 
coincide over one of their short pulses 
the next pulses will be out of phase, 
for they will start at different instants 
and the ups and downs will not 
coincide. There are so many pulses 
emitted each second that the altera- 
tions in light intensity are too quick 
to be seen. 

Both beams of light must originate 
from the same source, so that the two 
sets of pulses start and stop at the 


E TWO SOUND 
WAVES CANCEL— 
HA. LISTENER 


RS 
NOTHING 


Sound waves differ from light waves in 
that the vibrations are to-and-fro, in- 
stead of up-and-down (or from side-to- 
side). The to-and-fro vibrations are 
alternate compressions and rarefactions 
of the substance through which the 
sound wave travels. Sound waves inter- 
fere constructively when both compress 
or rarefy at the same time, and destruc- 
tively when a compression cancels out 
with a rarefaction. 

In this experiment the sound wave 
from the recorder is divided into two, 
and the two parts travel along different 
distances before meeting at the earpiece. 
When the length of one path is adjusted 
so that it is half a sound wavelength 
longer than the other, the waves inter- 
fere destructively (compression cancels 
with rarefaction) and no sound can be 
heard. 
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INCIDENT 
BEAM 


HE TWO 

REFLECTED BEAMS 
INTERFERE CON- 
STRUCTIVELY 


REFLECTED 
R WEDGE SURF 


same time. They are called coherent. 
If one of the beams travels a slightly 
longer distance than the other to the 
point where they meet, its ‘ups’ lag 
slightly behind the ‘ups’ of the other 
beam (i.e. get more and more out of 
phase). When they lag sufficiently for 
the first wave to have already reached 

s ‘down’ when the second is just 
starting its ‘up’, they will obviously 
interfere destructively. 

So the problem of producing visible 
interference effects is one of dividing 
a beam of light into two, letting one 
beam travel slightly farther than the 
other, and then recombining them. 
One of the most practicable methods 
of doing this is to reflect a beam of 
light onto a very thin wedge of glass. 
Some of the light is reflected by the 
first glass surface the beam meets, and 
the rest travels through the glass, 1s re- 
flected at the second surface of the 
wedge and back out of the glass again. 
In this method there is the added 
complication that when the light 
beam is reflected at the second sur- 
face, within the glass, it automatically 
changes its phase so that ‘ups’ striking 
the surface are reflected as ‘downs’. 
This second light beam has travelled 
an extra distance through the glass, 
so its waves lag slightly behind the 
waves reflected at the first glass 
surface. If this extra distance is a half 
wavelength of the light or 14, 24, 
3%... and so on, wavelengths (the 
extra half is the result of the change 
of phase on reflection at the second 
surface), the light beams interfere 
constructively. If the extra difference 


two as part is reflected at the first surface, and part at the second. 


THE TWO REFLECTED BEAMS 
INTERFERE DESTRUCTIVELY 
TO MAKE A DARK FRINGE 


CREST 
CANCELS 
TROUGH 


“he incident beam of light is divided into 


is a whole wavelength or multiples 
of a whole wavelength the beams 
interfere destructively. Points where 
the extra distance is the same will be 
points where the wedge has the same 
thickness. The wedge appears to have 
narrow stripes on it, where the light 
reflected from the glass (this is of 
course what we see when we look at 
the glass) has interfered destructively 
and constructively. The stripes are 
called interference fringes. They are 
usually too close together to be seen 
with the naked eye, so they must be 
observed through a microscope. 

If the wedge is illuminated with 
monochromatic or one-colour light (a 
good source of yellow light is common 
salt burning in a Bunsen flame) the 
fringes appear as sharp coloured and 
black stripes. However if ordinary 
white light is used, the fringes are 
white fringed with the colours of the 
spectrum, and very few of them can 
be seen. This is because white light is 
a mixture of light of different colours 
(i.e. wavelengths). Since the places 
on the wedge where the light inter- 
feres constructively or destructively 
depend on the wavelength, the light 
of different wavelengths in the white 
light will form dark or coloured areas 
at different places. 

Interference fringes can be made a 
measurable distance apart. Since this 
distance depends directly on the 
wavelength of light used, measure- 
ment (with a low-power microscope) 
of the distance between light and dark 
lines serves as a means of measuring 
the wavelength of light. 


MEDICINE 


Man Against 
BACTERIA 


HE human body is constantly 

subject to attack and invasion by 
disease-producing bacteria. Fortun- 
ately it is equipped with defensive 
mechanisms which kill or neutralize 
the invading organisms or the poison- 
ous substances that they produce. 
It has a certain degree of immunity 
(see also page 579). 

However, the human body is not 
naturally immune to all diseases, but 
if attacked by one, and if it survives, 
it will often be immune to a subse- 
quent attack because neutralizing 
substances (antibodies) have been pro- 
duced by the body in response to the 
first attack. The same effect is pro- 
duced by giving the body a mild dose 
of the disease so that it produces anti- 
bodies. This is called vaccination. 

The method involves injecting or 
inoculating the body with a small 
quantity of weakened infective 
material—for instance, a solution in 
which some of the pathogens (disease- 
causing bacteria) have been killed by 


Using a throat swab to take a sample from 
swollen tonsils. 


NE COVER 


Swab sticks such as these are used to obtain 
samples from the nose, throat, eyes, ears 
and from wounds. 


A bacteriologist transferring infective matert1l@ptg am 


> 2 
ae e tube to a tube containing a 


culture medium by means of a loop of platinum wire. (Inset) Liquid culture medium 


being poured carefully into a Petri dish. 


heat, plus their poisons (toxins), or 
even the poisons only with the bacteria 
filtered off. This may produce very 
slight symptoms of the disease but is 
sufficient to provoke the necessary 
response by the body. 

Each type of antibody is specific 
for a bacterium (or its toxins) pro- 
ducing a particular disease. Thus 
separate vaccines have to be adminis- 
tered in order to stimulate the pro- 
duction of antibodies for several 
diseases. Combined vaccines have 
been developed in order to reduce the 
number of injections needed. They 
are commonly used for the vaccina- 
tion of infants. An example is the 
combined vaccine for whooping 
cough, tetanus and diphtheria. 


The appearance of bacteria stained by 
Gram’s method. (Below left) Gram-posi- 
tive organisms that have been stained 
purple with methyl violet. (Below right) 
Gram-negative organisms that have accep- 
ted only the counter-stain. (Right) An 
incubator used for culturing bacteria under 
carefully controlled conditions. 


When a person does become ill 
because of the effects of a pathogen 
various routine procedures are oper- 
ated. Samples of the pathogen have 
to be obtained, and these, together 
with information on the state of the 
patient, his case history, the length of 
his illness, the origin of the samples 
and so on, are passed to the bacteri- 
ologist whose job it is to identify the 
infective organism. Once this has been 
established the doctor can then pre- 
scribe more precise treatment. 

Samples of pathogens are obtained 
from infected material in a variety of 
ways depending on the site of infec- 
tion. It is important that they are 
collected either before the patient 
has received any antibiotics or im- 


mediately before the next dose is 
given. 

Swab sticks are commonly used to 
obtain samples from the nose, throat 
and ears, and from wounds. They 
consist of thin wooden sticks round 
one end of which is wound a 
small piece of sterile (germ free) 
cotton wool. They are kept in sterile 
tubes. In taking throat swabs care 
must be taken to avoid contaminating 
the swab with the organisms that 
normally live in the mouth. The swab 
must only touch the swollen tonsils. 
In taking nose swabs care must be 
taken to avoid damaging the delicate 
tissue lining the nostrils. The nose and 
throat swabs are returned to their 
sterile tubes and sent quickly to the 
bacteriological laboratory. Sterile 
containers need not be used for the 
collection of sputum (mucus) from the 
lungs since it is always contaminated 
by other organisms in the air (though 
the containers must be clean). 

In taking blood samples it is essen- 
tial that the necessary measures are 
taken to ensure sterile conditions. 
Most pathogens are likely to be pre- 
sent in the blood when the patient’s 
temperature reaches its highest level 
and it is important that the sample is 
taken at this time. A dry sterile 
syringe is used. 

Some specimens (so-called puncture 
fluids) are obtained by inserting a 
sterile syringe into a cavity in the 
body. Samples of cerebrospinal fluid 
and fluid in the chest cavity are ob- 
tained in this way. They must be 
placed into sterile tubes to avoid 
contamination. 

The bacteriologist has a number of 
tests at his disposal by means of 
which he can identify the pathogen. 
These include its size and shape and 
how it takes or rejects certain stains; 
how it grows—which substances and 
onditions encourage or inhibit 
8 owth; its resistance to heat, drying, 
_ (Jantiseptics, etc.; its reaction to specific 

\ mntibodies, and the effect of infected 


| j i terial on laboratory animals. 


them more clearly visible they are 
stained, using special dyes, by a 


technique called Gram’s method. The 
bacteria are first stained with a basic 
dye, methyl violet, and then treated 
with iodine. Unwanted stain is re- 
moved by washing in alcohol and 
then they are stained with a dye of 
contrasting colour—a process called 
counter-staining. 

Bacteria that retain the first dye 
and are purple in colour are said to 
be Gram positive. Those that accept the 
counter-stain are said to be Gram 
negative. Gram’s method is thus a way 
of dividing the bacteria into two 
groups. There are some bacteria that 
do not accept Gram’s stain very 
readily and other methods have to be 
employed. However, those that can 
be classified as Gram negative or 
Gram positive, together with their 
shape, are part way towards iden- 
tification. 

In order to separate an organism 
from the others with it (a sample will 
generally contain non-pathogenic 
bacteria as well) the usual practice is 
to place them on the surface of a jelly, 
agar-agar, which has had food material 
(e.g. meat broth) added to it (the 
food is called a culture medium). By 
selecting the medium it is possible 
to prevent the growth of certain 
organisms. This is a way of confirming 
the identity of a particular bacterium. 
Selective media are known for most 
pathogens. 

Having isolated a type of bacterium 
the conditions affecting growth are 
investigated if further identification is 
needed. They are cultured in in- 
cubators at body temperature (this 
is the most favourable temperature for 
the growth of most human pathogens). 
The atmospheres in which they grow 
may be adjusted and they are left for 
up to twenty-four hours. The extent 
of their growth, shape, size and so on 
are important in their identification. 
The organism that causes tetanus, for 
example, is unable to grow in the 
presence of free oxygen. It must be 
cultured in an environment from 
which oxygen has been removed. 

Certain bacteria possess an enzyme 
that enables them to bring about a 
specific chemical reaction. The 
ability of one of two closely related 


4 Elaborate precautions are taken in the operating theatre to reduce the risk of spreading 


infection. 


organisms to break down a carbo- 
hydrate, for example, is a means of 
distinguishing between them. Thus, 
the diphtheria-causing organism is 
the only species of its genus that is 
able to break down starch. 

Some bacteria are very resistant to 
heat, in particular those that are 
able to form spores (see page 607). 
An organism causing food poisoning 
can withstand 100°C. for an hour, 
while streptococci are killed if kept 
at a temperature of 60°C. for half an 
hour. 

Both in wards and in the opera- 
ing theatre every attempt must be 
made to reduce to a minimum the 
chances of infection spreading. Thus 
any contaminated bedclothes, mat- 
tresses, and so on must be sterilized by 
placing them in units through which 
steam is blown under pressure. Nurs- 
ing staff must frequently wash their 
hands, masks must be worn when 
preparing treatment trolleys, wards 
must be ventilated efficiently and the 
amount of dust liberated during bed- 
making must be kept to a minimum 
since dust is a rich source of organisms. 
Waste materials—soiled dressings, etc. 
—must be disposed of by burning in 
incinerators, and faeces must be dis- 
infected. 

In the operating theatres the walls 
and the floors are frequently washed 
down, special newly washed clothing 
must be worn by all entering the 
theatre; the circulating air is 
filtered to remove dust, warmed and 
moistened; the surgeon and _ his 
assistants wear masks and _ sterile 
gloves; and, of course, all instruments 
must be sterilised. 

In some hospitals there are special 
germ-free wards where the condition 
of patients is such that on no account 
must they come into contact with 
pathogenic organisms. Such is the 
case when organs are transferred from 
one person to another unrelated 
person. Normally the body will reject 
tissues that are foreign to it. By irradi- 
ating the tissues (with X-rays or y-rays) 
their ability to reject the foreign 
organ is so reduced that the natural 
reaction to it is not set up. But the 
irradiation also reduces the ability of 
the body to produce antibodies so 
that, until the transplanted organ has 


(Left) An electrically heated autoclave. (Centre) A pressure steamer in which sterilized 
meals are reheated in drums (under five pounds per square inch pressure of steam). (Right) 
A small sterilizer in which instruments are Stories by boiling water. 
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‘taken’ successfully, sterile conditions 
must be maintained. Food is irradi- 
ated and nursing staff wear sterile 
clothing and masks when entering the 
patient’s room. Ultra-violet lights in 
the room also kill many bacteria. 

It is only in recent years that sub- 
stances have been available which can 
be administered to kill bacteria within 
the body. Paul Ehrlich (1854-1915) 
found that certain dyes stain germs in 
the body tissues without staining the 
tissues themselves. He tried to use 
a dye to carry a germ destroyer to the 
site of infection. The six hundred and 
sixth dye that he tried was successful. 
Gerhard Domagk(1895- _) developed 
this work and discovered another dye, 
Prontosil, which saved his daughter’s 


For some operations tt 1s necessary to irradiate the whole of the body. This reduces the 
number of white blood cells and thus makes the patient highly susceptible to infection. His 
room and its contents must be sterile. Here a nurse opens the nylon envelope in which food 
is sealed and passes it inside its other envelope to another nurse who is masked and gowned. 


life. Only part of the dye, sulphanila- 
mide, was found necessary to kill the, 
bacteria. It was the first of a numbert 
of similar drugs called sulphonamidesp,; 
Later, in 1928, Fleming discover 1 
pencillin, and in the late 1930’s ‘this 
was prepared by Florey and Chair 
in a form which could be injected. 
Shortly afterwards an oral form was 
prepared. Today penicillin can_. Bs) 
made synthetically to deal aT 
with a given type of bact@itunty (gee Se ' 
pages 438-439). 3 
Many bacteria are not harme 
penicillin (e- g. the bacillus that sa 
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pen Cae el acid) and tone 
zid which are effective. 
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THE CATHODE 


OF A DIODE 
VALVE 
SHAPE OF THE 
BEAM BEFORE 
IT IS FOCUSED 
ELECTRON 
CLOUD — <i 
COATING ] 
OF ; 
OXIDES : 
GRID SCREEN 
THE 
HEATER CATHODE 
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OFA 
CATHODE RAY TUBE 


How the cathode produces the 

electron beam TOA Focus 

|" has already been shown on pages ae ea 
230-231 that electrons can be produced 

(in that case for use in a diode) by heating 

a metal tube which has been coated with a 


mixture of strontium and barium oxides. GRID FIRST ANODE SECOND ANODE SCREEN 
The electrons escape from the surface of (NEGATIVE) (POSITIVE) (MORE POSITIVE) 
the oxides. 

The long tube produces a ‘cloud’ of 
electrons which spreads out towards the 
anode. In the cathode ray tube a beam 
of electrons is required so the mixture of 
oxides is coated onto the end of a ‘cap’ as 
shown. And instead of one anode sur- 
rounding the cathode, the cathode ray tube 
has at least two anodes placed in line with 
the- cathode. 

Why should the strange mixture of 
strontium and barium oxides be used for 
coating the cathode? All metals and many 
other substances will give off electrons if 
they are heated strongly enough. However, 
different substances have to be heated 
by different amounts; the substance which 
is chosen is the one which will produce the 
largest number of electrons with the 
smallest amount of heating (since the heat 
has to be produced using electric current 
which has to be paid for). The most 
efficient substance is found to be the 
mixture of oxides which is used. 


LOW SPEED 
plate (A) would be at a higher electrical pressure than the other 


side (B). Now electrons move from the cathode attracted by the 

anode which is positive, and the speed with which they move 

depends on the voltage between the point where they leave the 

cathode and the anode. Hence the electrons from one side of 

the cathode will move more quickly than electrons from the 

NEGATIVE other. In the cathode ray tube this means that the spot will be 

HIGH ‘SPEED brighter on one side than the other, and this is not a good thing. 

. The difficulty is overcome by arranging a separate heater close 

behind the cathode. Then the cathode will be heated by radiation 

(see page 399) while it remains at the same electrical pressure 

The electron beam (2) over the whole of its surface and the electrons will all be accelera- 
ted by the same amount. 

The cathode in a valve or cathode ray tube is almost always By the time they reach the anode in the cathode ray tube the 
indirectly heated, i.e. the heater is not directly connected to the electrons are moving so fast that they pass through the hole 
cathode. If a voltage were applied to the cathode directly in in the middle instead of moving out and coming to rest on the 
order to produce the current to heat it, then one side of the anode as electrons do in valves. 


POSITIVE 


- MODERATE SPEED 
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| FAMOUS SCIENTISTS 


Sir HUMPHRY DAVY and 


the Safety Lamp 


HE danger of fire and explosion in coal and other 
mines has always been present, though nowadays the 
problems have been considerably reduced. Early in the 
last century, however, mine disasters caused by the 
accidental ignition of methane gas were far more common. 
The invention of a safety lamp by Sir Humphry Davy 
about 1815 did much to cut down these risks. 

Davy, well known at the time as one of Britain’s leading 
chemists, realised that the problem of designing a safety 
lamp centred on the intake of oxygen and the dispersal of 
heat. A flame must have oxygen in order to burn, but the 
heat generated by the flame will normally ignite any 
combustible gases around it. With characteristic ingenuity 
the scientist decided to enclose the flame of an oil lamp 
with a ‘wall’ of wire gauze. The result was that air could 
reach the flame, whilst the heat produced by burning 
was largely dissipated before the spent air came into 
contact with gases outside the lamp. The light of the 
flame, though slightly dimmed by the gauze, was still 
adequate. In later versions of the lamp precautions were 
taken to ensure that the gauze could not be removed 
while the lamp was alight. Safety lamps of the Davy type 
are still in use, though without doubt the advent of the 
electric light bulb has reduced their importance as a 
means of lighting. Today Davy lamps are used more as 
a means of detecting the presence of dangerous gases 
since the lamp flame is affected by them. 

The achievements of Sir Humphry Davy (1778 — 1829) 
were by no means confined to the invention of the safety 
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(Left) An early Davy lamp, where 
the upper part is enclosed in gauze. 
(Above) Diagram of a modern Davy 
lamp. 


lamp, import the \ Became widely 
known as a researcher and lectupér at thé R oyal Institution 
(where he worked with. Michel Faraday). Amongst his 
successes in the field of chemistry, his isolation of 
potassium, sodium, barium, boron and calcium and 
other substances ranks high. So does his proof that chlorine 
is an element. He carried out an investigation into the 
anaesthetic effects of nitrous oxide (laughing gas) at 
considerable risk to himself. Together with Faraday much 
of his research in later years was concerned with electro- 
magnetism. 

Like the majority of early scientific workers Davy did 
not restrict himself to any specialised group of studies, and 
the wide range of his interests is not easily described in so 
brief a summary. The high esteem in which he was held 
by his contemporaries can, however, be inferred from the 
numerous honours which he received during his lifetime. 
Davy was made a knight in 1812, and later became a 
baronet. The crowning scientific honour came in 1820, 
when he was elected as President of the Royal Society. 
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PHYSIOLOGY 


Taste and Smell 


HE body has an elaborate system 
of receptors that provide it with 
information about its surroundings — 
about conditions close to it and those 
at a distance. An important part of 
this system is concerned with detecting 
chemical substances. Thus an animal 
can scent food and enemies and has 
the means of recognising substances 
that it requires in only minute quan- 
tities. For example game animals 
frequent ‘salt-licks’ — salt deposits con- 
taining minerals that are essential to 
the well-being of the creatures con- 
cerned — and can ‘smell’ them from 
a great distance. 

Receptors that are sensitive to 
chemicals are called chemoreceptors. In 
man these are the organs of taste and 
smell. Taste receptors occur mainly 
on the tongue, a few elsewhere in the 
mouth and pharynx, and on the 
epiglottis (the flap of tissue that 
prevents food from passing down the 
wind-pipe). Small projections (papil- 
lae) on the tongue have flask-shaped 
taste buds scattered over them. These 
consist of groups of specialized cells 
that have nerve fibre endings between 
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them and wrapped round them. 
When the taste buds are stimulated, 
signals pass along the nerve fibres to 
the medulla (the hind part of the 
brain, see page 418). The taste buds 
are moistened by the saliva and by 
the fluids released by special gland 
cells in the tongue. An _ essential 
feature of both taste and smell recep- 
tors is that the chemical must pass 
into solution before it can stimulate 
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the receptor. During dry cold weather 
the senses of taste and smell may be 
very much reduced. 

By testing the reaction of different 
parts of the tongue to different sub- 
stances it has been established that 
the greatest response for each of the 
four ‘types’ of taste — salt, sweet, acid 
(sour) and bitter—is in a different 
region of the tongue. The tip is most 
sensitive to sweet and salty substances; 
the sides to acid substances; while the 
back of the tongue is most sensitive 
to bitter substances. 

It is probable that there are 
different receptors for each distinct 
taste. The most detailed study has 
revealed no differences in the anat- 
omy of the receptors. 

Other points of interest are that 
some chemicals have different tastes 
when applied to different parts of the 
tongue, and the analgesic (local anaes- 
thetic) cocaine has varying effects on 
the four tastes. The texture of food 
and its temperature (t.¢. whether it 
is hot or cold) will also affect the 
apparent ‘taste’ of the food, for touch 
and temperature receptors in the 
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A composite block 
diagram of several 
parts of the human 
tongue to show its 
structure. 


TASTE BUDS 


ACID 


SALT AND SWEET 


A view of the human tongue inside the 
mouth cavity. (Inset) A diagram showing 
the areas most sensitive to the four taste 
qualities. 


mouth will also be stimulated by its 
presence. The taste of a substance is 
thus dependent on a number of factors. 

Though the taste receptors are 
sensitive to minute amounts of chemi- 
cals the smell receptors can detect 
even smaller quantities. The basic 
tastes are inborn — automatic respon- 
ses to particular chemical substances. 
This is perhaps reflected by the fact 
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(Left) A section through two- papillae en- 
larged to show the position of the taste buds 
in the epithelium. (Above) A_ highly 
magnified view of three neighbouring 
taste buds showing the taste cells and 
supporting cells. 


that the nerve fibres from the taste 
receptors pass to the medulla. In 
contrast the sense of smell depends 
largely on the store of past experiences 
(memory) and the nerves pass directly 
to the cerebral hemispheres. It is of 
interest that this highest region of the 
brain has evolved from the olfactory 
parts of the brain (those concerned 
with smell) of lower vertebrates. 

We can of course appreciate ‘tastes’ 
or flavours other than the four basic 
ones, but strictly these are part of the 
sense of smell, dependent upon recep- 
tors in the back of the nose. 

The smell receptors, together with 
those for vision and hearing, form the 
distance receptor system. That is, they 
inform us of conditions at a distance. 
The sensitive cells are embedded in the 
lining tissue (epithelium) of the nose, 
on the roof of the nasal cavity, on the 
upper part of the wall that divides 
the nose into two halves and on the 
upper fold (concha) in each half. 

The olfactory (smell) cells are 
unique in that their axons pass to the 
central nervous system. (Generally 
nerve processes grow out from the 
central nervous system.) They are 
surrounded by supporting cells and 
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Insects are well equipped with taste and 
smell receptors. An Elephant Hawk moth 
uses its proboscis to obtain nectar from a 
Honeysuckle flower. (Inset) The feeler 
or antenna of a moth (enlarged) on which 
olfactory (smell) receptors occur. 


glands. The latter produce a yellowish- 
brown fluid which moistens the ends 
of the olfactory cells. The chemicals 
to which the receptors are sensitive 
dissolve in this fluid. Its continuous 
production washes away chemicals 
that have already stimulated the 
receptors and so leaves them clean and 
prepared for further substances. All 
the olfactory cells have the same 
structure yet we can appreciate a 
wide range of smells. Whereas there 
are relatively few taste receptors and 


few nerve fibres from them, there are 
many smell receptors and numerous 
nerve fibres carrying signals to the 
brain. Within the olfactory parts of 
the brain the nerve fibres inter- 
weave and connect up with others in 
a most complicated way. It is possible 
that there are several different sorts of 
receptors sensitive to different smells. 


Many game animals frequent salt-licks to 
obtain salts vital to their well-being. Pre- 
sumably the senses of taste and smell 
play an important part in enabling them 
to recognise these essential substances. 


Since each part of the olfactory lobe 
receives impulses from a variety of 
receptors because of the elaborate 
interconnections, a whole range of 
different smelling substances can be 
distinguished. 


The right half of the nasal cavity viewed from inside showing part of the olfactory 
area. (Left) A diagram showing the olfactory receptors and their axons and 
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their relationship with the surrounding cells. 
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[MAGNETISM | 


MAGNETIC MATERIALS 


S iron, cobalt and nickel have very 
strong magnetic properties com- 
pared with almost all other sub- 
stances, there is a tendency to regard 
these metals, and certain alloys and 
minerals containing them, as the only 
magnetic materials. However, all 
substances respond in some way when 
placed in a magnetic field. 
It was Michael Faraday (1791 - 
1867) who first made a detailed study 
of the substances which have feeble 


PARAMAGNETIC 


If a rod of a paramagnetic substance is placed in a magnetic 
field, the longest axis comes to rest parallel to the lines of force 
of the magnet, while the longest axis of a diamagnetic solid 


will be across the lines of force. 


MICHAEL 
FARADAY 


magnetic properties. All the materials 
he tested displayed magnetic charac- 
teristics, and he was able to divide 
them into two classes depending upon 
their behaviour in a magnetic field. 

Some materials such as aluminium, 
platinum and potassium were attrac- 
ted towards the magnet, and these 
substances Faraday called paramag- 
netic. When suspended in a strong 
magnetic field, specimens of para- 
magnetic substances will rotate until 


DIAMAGNETIC 


the longest axis lies parallel to the 
field. By comparison with iron, cobalt 
and nickel, the magnetic forces which 
exist between the paramagnetic sub- 
stances and the magnet are quite 
small. Although iron, cobalt and 
nickel are also drawn towards the 
magnet (i.e. are paramagnetic) so 
great is the force that this small 


. ))group have their own special name — 
ye ferromagnetic materials. 


There are a few substances such as 


+ bismuth, copper and gold which are 


repelled by the magnet. They are 
known as diamagnetic substances. If a 
rod of one of these metals is sus- 


Michael Faraday (1791-1867), Wilhelm 
Weber (1804-1891) and James Clerk 
Maxwell (1831-1879) were amongst the 
first people to investigate magnetic materials. 


pended in the field of a powerful 
magnet, the rod turns so that its 
longest axis lies across the lines of 
magnetic force. 

The feeble magnetic properties of 
paramagnetic and diamagnetic 


materials are not limited to the solid 
state. The effect of a magnetic field 
on liquid samples can be shown quite 
easily. A paramagnetic liquid rises up 
a tube into the magnetic field while a 
diamagnetic liquid sinks down its 


When a U-tube containing a paramagnetic liquid is placed in 
a magnetic field, the liquid level rises into the magnetic field. 
Under similar conditions the level of a diamagnetic liquid falls 
away from the field. 


tube out of the field. 

The magnetic behaviour of a 
material is due to the motion of its 
electrons in their various orbits 
around the atomic nuclei. There are, 
apparently, two separate effects going 
on at the same time and depending 
upon which of the effects is greater, 
the substance is either paramagnetic 
or diamagnetic. 

The orbiting of each electron 
round the nucleus can be regarded as 
a very small electric current going 
round in a complete circuit. Previous 
articles have shown that a magnetic 
field is created when an electric 
current passes through a loop of wire. 
(This is the principle of the electro- 
magnet.) In a similar way a magnetic 
field is created by the motion of each 
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MODEL TO SHOW HOW 
MAGNETIC FIELD IS_ SET 
UP AROUND EACH ATOM 
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WHEN OUT OF A_ MAGNETIC 
FIELD THE EFFEC fe) 
ELECTRON ORBITS CANCEL ONE 
ANOTHER OUT. 


Model showing how the motion of the electrons of a para- 


Model slowing how the magnetic effects of the motion of the 
magnetic substance creates a magnetic field around each atom. 


electrons of a diamagnetic substance cancel one another. When 


When a specimen of such a substance is placed in a magnetic 
field, the atoms are lined up so that the magnetic fields around 
them line up with the field produced by the magnet. 


a specimen of such a substance is placed in a magnetic field, 
there is a tendency for the flow of electrons in some orbits to 
be slowed down, while others are speeded up. The resultant 


electron of the atom. 

Some of the electrons in an atom 
orbit in one direction while the rest 
of the electrons orbit in the opposite 
direction. Hence there is a tendency 
for the magnetic fields produced by 
some of the electrons to cancel out 
the fields produced by the electrons 
orbiting in the opposite direction. If 
the fields cancel each other com- 
pletely the atom is diamagnetic. If the 
fields do not cancel out the atom is 
paramagnetic, hence the atoms of a 
paramagnetic substance are already 
small magnets even before the sub- 
stance is placed in a magnetic field. 
Placing a paramagnetic substance 
in a strong magnetic field merely 
causes the ‘atomic’ magnets (which 
are normally arranged in a random 
fashion, pointing in all directions) to 
turn so that they are parallel to the 
magnetic field. 

A diamagnetic substance, on the 
other hand, has no ‘atomic’ magnets 
until it is placed in a magnetic field. 
The cause of diamagnetism is best 
understood by thinking of the electron 
moving round its orbit as a current 
flowing round a loop of wire. When 
a magnetic field cuts through a loop 
of wire, a current is set up in the loop 
while the magnetic field is changing 
in strength (this is the principle of the 
dynamo). Similarly a current is set 
up in an electron orbit when a 
changing magnetic field cuts through 


magnetic field is repelled by the applied magnetic field. 


it. This happens when the substance 
of which the electron forms a part is 
brought into a magnetic field. The 
same effect will occur in all the orbits 
of all the atoms, and all the currents 
set up in the orbits will flow in the 
same direction. Moreover these cur- 
rents, once started, will not cease to 
flow of their own accord since the 
orbits offer no resistance to the flow 
of electrons. 

The currents, set up in the orbits by 
the magnetic field, set up tiny mag- 
netic fields, all in the same direction, 
which must oppose the applied field. 


(If they reinforced the applied field 
they would be violating one of the 
basic laws of physics.) In other words 
the north-seeking pole of the perma- 
nent magnet has the north-seeking 
pole of an atomic magnet opposite to 
it. As a result of magnetic repulsion 
the atomic magnet is turned through 
a right angle. If it turned any further 


(i.e. in an attempt to face the attrac- 
ting pole) a fresh current would be 
generated around the atom. This new 
current would flow in the opposite 
direction to the original current and 
again the molecular magnet would be 
turned until it was at right angles to 
the lines of magnetic force of the 
permanent magnet. 

Ferromagnetic substances only ex- 
hibit their exceptional magnetic 
properties in the solid state and below 
a certain temperature (the Curie 
temperature) which is different for 
each substance. Under these condi- 
tions a number of paramagnetic 
atoms are grouped together into small 
units or domains. In each domain the 
magnetic properties of the paramag- 
netic atoms reinforce one another. 

There are many domains in a 
crystal of a ferromagnetic substance 
and these are disarranged in arandom 
fashion. However, when the sub- 
stance is subjected to a strong mag- 
netic field these domains are 
gradually lined up so that they all 
point in one direction — parallel to 
the applied magnetic field. Further- 
more, some of this orderliness may be 
retained after the magnetic field is 
removed. This is particularly true of 
the cobalt steels. Soft iron can be 
magnetized more strongly than all 
steels, but very little of this magnetism 
is retained when the magnetizing 
field is removed. 
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TECHNOLOGY 


VALVES AND VALVE 


N the article “The Automobile 

Engine’ (page 642), the operation 
of the valves was only briefly des- 
cribed. The valves are, however, 
important enough to merit a more 
detailed account. Each cylinder has 
two valves: an exhaust valve and an 
inlet valve. They are identical in 
construction and operation but their 
functions are different. The inlet valve 
opens to admit the maximum amount 
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of petrol/air mixture into the cylinder. 
The exhaust valve opens to enable the 
maximum amount of burnt gas to be 
ejected from the cylinder. When 
both valves are closed they maintain 
a gas-tight seal within the cylinder. 

Practically all modern automobile 
engines use the poppet valve, also 
known as the mushroom valve because 
of its shape. The valve itself (see 
Fig. I) is generally a special alloy 
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steel forging and the angle of its seat 
is usually 45° but a flatter angle of 
30° is sometimes used. The valve head 
rests on a conical seating machined 
in the cylinder head. To centre the 
valve its stem works in a renewable 
guide which is a tight fit in the 
cylinder head, the guide is usually 
cast-iron but phosphor-bronze is some- 
times used. 

The valve is closed and held on its 
seating by the helical (coil) spring 
which presses against the cylinder 
head on one side and bears, at the 
other end, on a special washer known 
as a spring cup. This cup rests on split 
cotters located in a groove machined 
in the lower end of the valve stem. 
When the valve is closed the force of 
combustion assists the spring in pres- 
sing the head of the valve firmly on 
its seating. To ensure ‘gas-tightness’ 
the valve is carefully ‘ground-in’ to its 
seating. 

The main purpose of the spring is 
to return the valve to, and hold it 
on, its seating. The spring has nothing 
to do with lifting the valve — except 
to make it more difficult. The valve 
is opened by mechanical means which 
will be described later. 

The arrangement shown in Fig. I 
is known as overhead valve or O.H.V.; 
it has several advantages over the 
side-valve assembly shown in Fig. II. 
For a given size of engine the O.H.V. 
allows more power to be developed, 
because of better filling of the cylinder 
with petrol/air mixture and better 
scavenging of the exhaust gases from 
the cylinder. A more compact com- 
bustion chamber can be obtained 
when overhead valves are used. More- 
over the valve adjustment is more 
accessible with this arrangement. 


Valve Operating Mechanism 


It has already been shown that 
the valves are held closed by springs: 
they are opened, when required, by 
the valve operating mechanism shown 
in Figs. I and III. 

The cams, which can be described 
as discs with ‘humps’ on one side, are 
usually made in one unit with the 
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camshaft. ‘This shaft runs in bearings 
located in the side of the crankcase. 

The camshaft drive is usually to be 
found at the front of the engine and 
is enclosed in a light casing which can 
be easily removed when necessary. 
The camshaft is driven by the crank- 
shaft through a roller chain (like a 
bicycle chain), a chain-wheel on the 
camshaft and a sprocket on the crank- 
shaft. Because each valve must open 
once only during the cycle of four 
strokes (two revolutions of the crank- 
shaft) it is necessary to drive the 
camshaft at only half the crankshaft 
speed (or ‘engine’ speed as it is often 
called). This is achieved by having 
twice the number of teeth on the 
camshaft chain-wheel as there are on 
the crankshaft sprocket. 

When a cam rotates it lifts the 
tappet or cam follower in its guide. This 
motion is conveyed by the hollow 
push-rod to the rocker-arm, a lever 
mounted on the rocker-shaft. The 
opposite end of the rocker arm moves 
down on to the valve and forces it 
open. While the ‘hump’ of the cam is 
in contact with the tappet the valve 
will remain open, but further rotation 
of the cam enables the valve to close. 


Valve Clearance 


Valve clearance is necessary to allow 
the valve to ‘seat’ under all conditions 
especially when the engine is hot. 
Figs. I and II show how and where 
the clearance is obtained for 
the side-valve and O.H.V. engines. 
In the side-valve engine the tappet 
adjusting screw is used to obtain the 
correct clearance. The operation is 
known as ‘adjusting the tappets’. In 
the O.H.V. engine the necessary 
clearance is usually obtained by a 
ball-pin screwed into the rocker arm. 
A lock nut prevents the ball-pin from 
turning after adjustment. 

Valve Timing 

Valve timing is the relationship 
between piston position and _ the 
opening and closing of the valves. 

In the description of the four-stroke 
cycle (see page 642) it was assumed 
that the inlet valve opened when the 


piston was at the top of its stroke, 
known as top dead centre (t.d.c.) and 
closed when the piston reached the 
bottom of its stroke, known as bottom 
dead centre (b.d.c.). In the same way 
the exhaust valve opened at b.d.c. 
and closed at t.d.c. In practice, how- 
ever, these are not the best times for 
opening and closing the valves if the 
engine is to operate efficiently, especi- 
ally at high speeds. 

Fig. IV shows what is known as a 
Valve Timing Diagram; the points at 
which the respective valves open and 
close are given in degrees of crank- 
shaft rotation. The diagram shows 
that the exhaust valve opens before 
the piston reaches b.d.c. and closes 
after t.d.c. The reason for this lengthy 
period (here about 240° of crank- 
shaft rotation) is to clear the cylinder 
of the exhaust gases as quickly as 
possible. 

In order to induce the maximum 
amount of petrol/air mixture into the 
cylinder the inlet valve is arranged to 
open before t.d.c. and close after b.d.c. 


Valve Overlap 


The Valve Timing Diagram shows 
that the inlet valve opens before the 
exhaust valve closes, thus both valves 
are open at the same time. This is 
known as valve overlap and its purpose 
is to take advantage of the partial 
vacuum effect of the moving exhaust 
gases to encourage a rapid flow of 
fresh petrol/air mixture into the 
cylinder. 


Fig. IV. A valve timing diagram which 
illustrates when and for how long the inlet 
and exhaust valves are open. 
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| BIOLOGY | 


THE FLOWER 


‘THE flower is that part of a 

fem ik plant which is con- 
cerned with reproducing the species. 
A flower is thought to be an un- 
lengthened shoot whose leaves are 
modified to form the floral organs 
(petals, etc.). 

The Buttercup is a convenient, 
simple flower to study. The stalk of 
the flower is called the pedicel and is 
swollen at the tip forming the recep- 
tacle. During development of the 
flower the rapidly dividing cells of 
the growing tip produce the floral 
leaves in just the same way that leaves 


the parts (hypogynous condition). 


are produced on ordinary stems. The 
floral leaves develop in more or less 
concentric circles (whorls), but in 
some of the more primitive flowers, 
such as the Water-lily, the petals and 
other organs are arranged in a spiral 
on the receptacle. The first formed 
organs of the flower are the five 
sepals. These are on the lowest part 
of the receptacle and form the calyx. 
The sepals are green, leaf-like organs 
whose chief purpose is to protect the 
developing flower. Above the sepals 
are the five yellow petals each with a 
small pocket at its base which pro- 
duces nectar and is called a nectary. 
The group of petals is called the 
corolla and, with the calyx, forms the 
perianth. The petals and nectaries 
attract insects and other animals to 
the flower and also help to protect 
the essential sexual organs within. 
There are two types of reproductive 
organs in the buttercup flower — the 
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A longitudinal section of a Buttercup showing the arrangement of 


stamens and the carpels. The stamens 
are the male, pollen-producing organs 
and form the androecium (and-REE- 
sium). Each stamen consists of a 
stalk (filament) and an anther which is 
the pollen sac at the tip. The carpels 
form the gynaecium (guy-NEE-sium). 
Each carpel contains a female ‘egg- 
cell’ or ovule which gives rise to a seed 
when fertilised by a male cell from a 
pollen grain. The stigma is the tip of 
the carpel through which the pollen 
grain gains access to the ovule. The 
Buttercup flower has numerous sta- 
mens and carpels but this is not the 


(Left) A Plum flower. Although the receptacle 
around the carpel the flower is still perigynous. The receptacle of 


dom. Many are concerned with 
pollination which is the transference 
of pollen from flower to flower. In a 
future article some of these variations 
will be described. Pea-flowers and 
many Orchids are highly irregular 
with very oddly shaped petals. There 
is in such cases only one line along 
which a section will produce two 
similar halves. Frequently the petals 
(and the sepals) join to form a tube 
which gives added protection and 
may also serve to hold nectar. Exam- 
ples are the Primrose and Bluebell. 
The carpels are usually above the 
rest of the flower because of the 


manner of growth. This is the hypo- 
gynous condition but it is not universal. 
In some flowers the receptacle spreads 
at the top so that the petals, etc., 


as grown up 


the Apple (right) has enclosed the carpels producing an epigynous 


flower. 
case in all flowers. 

Below the flower there may be one 
or two tiny leaves (bracteoles) on the 
pedicel. These are the very earliest 
of the ‘floral leaves’. The pedicel tip 
continues to grow after forming them 
but its growth almost ceases when the 
sepals are formed so that the floral 
organs are close together on the 
receptacle. In a flower such as the 
Snowdrop the bracteole protects the 
flower until it opens. It can be seen 
as a green scale at the back of the 
flower. A leaf at the base of a flower 
stalk is called a bract. 

The Buttercup as we have seen has 
all four types of floral organ and the 
parts are arranged in a regular manner. 
The petals are all of the same size and 
shape and a section cut down through 
the flower (a longitudinal section) will 
always produce two similar halves. 
There are, however, many variations 
on this structure in the Plant King- 


surround the carpels (perigynous con- 
dition) while in others (e.g. the Apple) 
the receptacle grows up around the 
carpels so that they are below the 
other parts (epigynous condition). Any 
type of organ may be absent from a 
flower. If there are no petals the 
sepals are often brightly coloured 
(e.g. the Marsh Marigold). Flowers, 
especially those of trees (e.g. Hazel), 
may be uni-sexual having only male 
or female parts in each individual 
flower. The stamens do not vary a 
great deal but may be joined to each 
other (e.g. Sweet Pea) or to the 
petals (e.g. Primrose). The carpels 
may contain one or more ovules, each 
of which gives rise to a seed. The pea 
pod for instance is derived from a 
single carpel with several ovules. 
Carpels may be joined as in the Blue- 
bell or free as in the Buttercup. The 
flowering plants are classified mainly 
according to the flower structure. 


The, Inflorescence 


ONE-SIDED RACEME 
BLUEBELL 


SOLITARY FLOWER 


SOLITARY FLOWER 
ANEMONE SNOWDROP 


Flowers are sometimes borne singly (e.g. Anemone, Tulip) but more frequently 
they occur in a group, called an inflorescence, whose appearance depends upon 
the amount and type of branching. There are however two basic patterns. 
In one -the racemose pattern —the main growing point of the stem goes on 
rowing —or at least does not produce a flower. The flowers are produced 
laterally (on the sides) e.g. the Bluebell and the inflorescence is termed a 
raceme. If the flowers are not stalked it is called a spike. An umbel is a special 
raceme in which the main tip stops growing and all the flower stalks develop 
at one level producing the familiar head of flowers such as is found in the 
Hogweed and other hedgerow plants. The umbel must not be confused with 
the corymb however. This is a raceme in which the pedicels are of different 
lengths so that the flowers all appear at one level. The grouping of the small 
flowers in this way makes them more attractive to insects. In the second basic 
pattern (the cymose pattern), the stalk does end in a flower after giving off one 
or two branches which also end in a flower after branching. The Stitchwort 
is an example of a cyme. 

Flowers of the family Compositae are very specialised. The Dandelion ‘flower’ 
is really a collection of tiny flowers (florets) on a flat disc or capitulum. Each 
floret contains sexual organs and is a complete flower. The calyx is represented 
by fine hairs which later develop and carry away the seed. Each Dandelion 
floret has a flat blade or ligule but Thistles have only tubular florets. Daisies 
have both types-—the outer florets have coloured ligules to attract insects 
while the inner florets are tubular and produce pollen and nectar. The Compo- 
sitae is a very widespread and successful family of plants. 
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CORYMB CYME UMBEL 


YARROW STITCHWORT HOGWEED 
THISTLE DANDELION 


COMmpPos! 
DANDELION 


DISC FLORET 


Each of these florets is a complete flower with calyx, corolla and reproductive organs. 


Floral Formulae and Floral 
Diagrams 


PRIMROSE 
a 
K(5)C(S)A5G(5) 


BLUEBELL 
P(3+3)A3+3G(3) 


PEA 
K(5)CSA(5+5)GI 


Botanists (people who study plants) do not 
need to have a lengthy description of a flower 
to understand its structure. They use a simple 
expression — the floral formula. This tells them 
the number of parts and a good deal about 
their arrangement. The letters K, C, A and G 
stand for calyx, corolla, androecium and 
gynaecium respectively. P (for perianth) is 
used if the sepals and petals are all alike. The 
formula for a Buttercup is K5 C5 Aco Goo, 
where oo means ‘numerous’. A line under the 
carpel figure means that the flower is hypo- 
gynous. Above the figure it indicates epigyny. 
Where parts are joined, brackets surround 
the figure. The formula does not give a com- 
plete description. A floral diagram and a 
section cut through the flower are required 
to make the structure quite clear. The floral 
diagram consists of a plan view of the flower 
with the organs arranged on circles or spirals, 
showing the degree of overlapping, any fusion 
of parts or irregularity and the position 
relative to the main stem of the plant (indicated 
by a small circle). Bracts and bracteoles are 
also shown. The longitudinal section _ is 
necessary to show the degree of perigyny if 
any. 
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INDUSTRIAL CHEMISTRY 


Manufacture of Caustic Soda 


CAUSTIC soda, or sodium hydrox- 
ide as it is known to the chemist, 
is required in large quantities for 
various manufacturing processes. Over 
a quarter of the United Kingdom 
output of caustic soda is used in the 
production of rayon. It has other 
important applications in making 
paper and soap, and in oil refining. 
It is also used in bleaching and 
dyeing. 
Although caustic soda can be made 
by adding metallic sodium to water, 
this reaction can be rather violent— 


age 


~<a 
After manufacture molten caustic soda is 
poured into steel drums ready for sale. The 
melt solidifies as it cools and when required 
the drum 1s cut open to reveal a fused mass 
as depicted above. 


2Na + 2H,O > 2NaOH + H, 


SODIUM WATER SODIUM HYDROGEN 


HYDROXIDE 

and in any case sodium metal is 
expensive in comparison with the 
cost of the raw materials for the 
alternative methods. This direct 
method does, however, have limited 
use in the preparation of small quan- 
tities of very pure sodium hydroxide 
for use in the laboratory. 


There are two processes from which 
caustic soda is obtained on an indust- 
rial scale, and the choice of process 
depends upon the relative demands for 
caustic soda itself and for chlorine 
which is obtained as a by-product of 
the electrolysis of brine —a solution 
of sodium chloride in water. (Metallic 
sodium is obtained by electrolysing 
molten sodium chloride.) The other 
method depends upon the double 
decomposition reaction between 
sodium carbonate (from the Solvay 
process — see page 586) and calcium 
hydroxide (slaked lime). 


The Lime-Soda Process 

This is the older of the two 
commercial processes for manufac- 
turing large quantities of caustic soda. 
It is particularly attractive for works 
which require only a 10% or 15% 
solution of caustic soda, since it is 
often more economical to make such 
a solution by this method rather than 
to buy the solid caustic soda and 
dissolve it in water. (The latter 
operation is complicated by the large 
quantity of heat which is evolved.) 

The stages in the Lime-Soda pro- 
cess are such as to favour batch 
operation, though it has been modi- 
fied to make possible continuous 
production. The raw materials are 
sodium carbonate, which is made 
into a 20% solution in water, and 
powdered slaked lime. 

The sodium carbonate and water 
are placed in iron pans which contain 
a stirring mechanism. The pans are 
heated by steam to a temperature 
between 80°C and go°C. As soon as 


Formation of Caustic Soda by the Lime-Soda Process 


w 


SODIUM CARBONATE 
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CALCIUM HYDROXIDE 
(SLAKED LIME) 
SODIUM HYDROXIDE 


the sodium carbonate has dissolved 
completely, the slaked lime is added. 
Sodium hydroxide is here formed as 
a result of a reversible reaction, which 
will never be complete. However, by 
adding an excess quantity of slaked 
lime and by efficient mixing of the 
lime with the sodium carbonate solu- 
tion yields over 90% of the maximum 
possible are claimed :— 


Na2CO3 + 


sodium 
carbonate 


Ca(OH)2 [™ 2NaOH + 


calcium = _,. sodium 
hydroxide —_hlydroxide 


CaCO3 
calcium 
carbonate 

When the equilibrium conditions 
for the reaction have been reached the 
stirring is stopped. The excess of 
slaked lime and the calcium carbonate 
formed by the reaction are insoluble: 
they are allowed to settle, and the 
liquor is drawn off. This liquor, 
which also contains some unchanged 
sodium carbonate, is filtered to remove 
the finer particles of solid which 
remain in suspension. 

The sludge is washed to give a dilute 
solution which is used as the solvent 
for the next batch. The solid residue 
(calcium carbonate) can then be 
dried and converted back into 
quicklime (calcium oxide). 

The clear solution of sodium hydr- 
oxide may, if required, be evaporated 
to yield solid sodium hydroxide. It is 
usual for the solid to be melted 
(‘fused’) to remove the last traces of 
water. The molten material is then 
cast into sticks or pellets. The processes 
of evaporating and fusing the sodium 
hydroxide have to be carried out in 
the absence of air. This is a necessary 
precaution to avoid atmospheric car- 


CALCIUM CARBONATE 


Both manufacturing processes yield solutions 
of sodium hydroxide which must be evapor- 
ated if a solid product 1s required. A 
typical evaporator unit 1s shown above. 


bon dioxide combining with the 
hydroxide to form sodium carbonate. 


Castner-Kellner Process 


The electrolytic method of manu- 
facturing caustic soda from brine is 
still frequently referred to by this 
name although the original Castner- 
Kellner cell has been considerably 
modified. It has been replaced by the 
Solvay trough cell which is also known 
as the Kellner-Solvay cell. As this 
method can yield a product of high 
quality, the brine is often treated 
beforehand to remove impurities. 

In the Kellner-Solvay cell rods of 
graphite which act as the anodes dip 
into brine contained in a slate-lined 
tank. The other electrode (cathode) 
is provided by a layer of mercury on 
the base of the tank. (Since brine is 
less dense than mercury it floats on 
top of the mercury layer.) 

As sodium chloride is a strong 
electrolyte it is almost completely 
dissociated (split up) into positively 
charged sodium ions and negatively 
charged chloride ions. By passing an 
electric current between the electrodes 
of the cell, the negatively charged 
chloride ions travel to the positively 
charged graphite rods. The chloride 
ions give up their negative charges 
(electrons) and become chlorine 
atoms. Pairs of chlorine atoms combine 
to give molecules of chlorine gas 
which are withdrawn continuously. 

At the same time the positively 
charged sodium ions are being attrac- 
ted to the negatively charged mercury 
cathode. On arrival each sodium ion 
receives an electron from the flow of 


electrons of the electric current to 
become an electrically neutral sodium 
atom. The sodium atoms immediately 
dissolve in the mercury to form 
sodium amalgam. (An amalgam is a 
solution of a metal in mercury.) 

A battery of Kellner-Solvay cells is 
run continuously. Fresh brine enters 
one end of the cell while spent brine 
overflows from the other end. There 


CARBON ELECTRODE POSITIVE 
WITH RESPECT TO MERCURY 


SODIUM AMALGAM 


The Castner-Kellner Process 


SODIUM 
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bat Sg 
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BRINE 


=J 


cathodes dipping into water, while 
the sodium amalgam acts as the 
anode. As a result of passing an 


electric current each sodium atom 
loses an electron to become a posi- 
tively charged sodium ion which 
migrates, since like charges repel and 
unlike charges attract, to the nega- 
tively charged iron cathode. Here the 
sodium ions gain electrons to become 


eo 
IRON ELECTRODE NEGATIVE 
WITH RESPECT TO MERCURY 


MERCURY ELECTRODE 


MERCURY SODIUM AMALGAM 


ot 8 


HYDROGEN 
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(Above) Simplified diagram showing the arrangement of the two different cells which are 
used in this process. Note that in the left hand cell the mercury acts as the cathode while 
in the right hand cell it is the anode. (Below) A battery of the cells in which brine is 


electrolysed and caustic soda solution obtained. 


is a flow of mercury along the bottom 
of the cell in the same direction as the 
flow of brine. Fresh mercury is used 
to displace the sodium amalgam 
which is further treated in a second 
chamber. 

The sodium amalgam is decom- 
posed to produce sodium hydroxide 
in the second cell. This contains iron 


sodium atoms which react with the 
water. Sodium hydroxide is formed 
and hydrogen gas is set free. 

When the caustic soda solution has 
reached a concentration of about 40% 
it is evaporated. As with most electro- 
lytic methods this process yields a 
product of high purity which may be 
fused to eliminate most of the water. 
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ELECTRONICS 


The Time Base of an OSCILLOSCOPE 


T has already been mentioned on 
page 655 that if a series of electrical 
pulses reach the ‘Y-plates’ ofa cathode 
ray tube then the spot on the screen 
of the tube will move up and down in 
time with the pulses. If the movement 
of the spot is quick enough then a 
vertical line will be seen on the screen 
since the movement of the spot itself 
will be too quick for the eye to follow. 
From the length of this line the 
maximum voltage of the pulse can be 


measured but the line gives no 
information about the pulse when it is 
not at its greatest value. To learn 
more about this, it is necessary to 
draw the spot out across the screen 
in time with the pulse. This is done 
using an electronic device called a 
time base — it allows us to see the size 
of the pulse at any time. 

In order to change the up-and-down 
movement of the spot into a picture 
of the pulse applied to the plates, the 


2 What a Time Base does 


\ 


‘Pulse Earth 


If a pulse which rises and falls again as shown is applied to one Y-plate of the oscilloscope 

(the other being earthed) then, since the Y-plate can only make the spot move in the 

vertical direction a vertical line will appear on the face of the screen. However, if the 

spot is drawn to the side at the same time as the pulse reached the plate then the height 

of the pre at different times will be spread out across the screen so that a ‘picture’ of 
s 


the pu 


e is produced. If the pulse takes more than about |/20th of a second to rise and 


then fall we shall see the spot rise and fall again as it moves across the screen. However, 
pulses occurring thousands or even, in specially designed oscilloscopes, many millions 
of times in each second can be looked at on the screen. This is done by making the spot 
fly back to its starting position at the end of each pulse to follow the next one across the 
screen and so on. If each pulse is exactly the same then the spot will move over exact! 
the same path on the face of the cathode ray tube each time and we shall only be able 
to see a steady trace. The dot will follow the shape of the pulse however complicated 
and allows us to look at something which is happening very very quickly. 


684 


time base needs to make the spot 
sweep smoothly across the screen and 
then fly back to the left-hand side to 
start on the next pulse which arrives. 
This can be arranged by applying a 
steadily increasing charge to the ‘X- 
plates’ (to draw the spot across) and 
then to remove the charge quickly 
when the spot has reached the other 
side of the screen so that it returns to 
its original position. 

One method used for doing this is 
to charge a capacitor gradually 
(through a resistor) so that the 
voltage across its plates increases and 
then to arrange a switch to discharge 
it when the voltage across the capacitor 
reaches the required value (i.e. when 
the spot reaches the other side of the 
screen). The way in which a capacitor 
charges has been described on page 
554; the charge on the capacitor 
increases as shown in the picture. The 
first part of the increase is almost 
exactly proportional to time i.e. gets 
larger by equal amounts after equal 
lengths of time. This is just what is 
required from a time base. 

The first type of time base which 
was used with cathode ray tubes had 
a thyratron valve acting as the dis- 
charging switch. This valve is a 
triode valve consisting of a cathode, 
grid and anode held in a glass tube. 
But unlike an ordinary triode where 
all the gas is pumped out of the tube 
before it is sealed, a small amount of 
mercury is introduced into the thyra- 
tron. This is in the form of a vapour, 
since the pressure in the tube is still 
very low. The mercury atoms become 
charged, i.e. ionized, when electrons 
collide with them. The ionized vapour 
is a good conductor so very much 
larger currents can be passed through 
a thyratron than through an ordinary 
vacuum tube. However, the mercury 
will only conduct when it is ionized. 
The ionization is started by fast 
moving electrons hitting mercury 
atoms sufficiently hard to knock 
further electrons out of them. Since 
the negative bias on the grid slows 
down the flow of electrons from 
cathode to anode, the start of ioniza- 
tion is controlled by the grid-bias 
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voltage. If the thyratron is connected 
in parallel with the capacitor so that 
the voltage across each is the same, 
the capacitor will charge up slowly 
until the voltage across it and across 
the valve reaches some particular 
value (determined by the grid-bias). 
Then the mercury vapour will sud- 
denly ionize and provide an easy path 
short-circuiting the capacitor. The 
charges stored on the plates of the 
capacitor therefore escape rapidly 
through the thyratron. When the 
capacitor has discharged there is no 
voltage across it or across the thyratron 
which therefore ceases to conduct. 
The process starts all over again. 


TIME BASE CAPACITOR Cl 


The cathode (@ the thyratron and 


the side of the capacitor connected to 
it are wired One of the oscillo- 


scope’s X-plat i, ‘he sf X-plate is 


a FLAMENT OR” eae 


LEADS 


- 


‘earthed’ to the ohassig. Hence the 
voltage applied to the X-plates (which 
deflect the spot horizontally across 
the screen) fs om with the charge on 
the capacitor. 

To ensure that the capacitor 
charges up at an even rate a pentode 
valve is connected into the circuit 
instead of an ordinary resistor. 

When the pentode is connected as 
shown it allows only a constant 
current to pass regardless of the 
difference in potential between the 


The principle of a Time Base circuit 
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When the circuit is connected to the H.T. terminals electrons flow through the 
resistor R to charge the capacitor C. Hence the electrical ‘pressure’ of the point A 
gradually rises. When the ‘pressure’ difference or voltage between points A and B 
reaches a certain value the switch is closed and the capacitor will discharge itself quickly 
through the small resistor r so that the voltage between points A and B will fall back 
to zero. If the switch is then broken the capacitor then starts to charge again so the 
cycle is repeated. The pulse at A is just the one that we require for the time base. 


anode and the grid. The middle grid 
controls the current flowing through 
(as the single grid does in a triode 
valve) while the grids on either side 
of it prevent any charges on the 
anode or the cathode from affecting 
the middle one. Hence the valve 
passes the same current (?.e. allows 
electrons through at the same rate) 
regardless of the charge on the anode 
plate. In this way a capacitor C can 
be made to charge up at an even rate. 


~ 


\ 
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O firework display is complete 
without compounds of the ele- 
ments strontium and barium. They 
are not responsible for the explosions 
themselves but are used in small 
quantities to add colour to the flames 
produced by the burning of other 
chemical substances. Vivid deep crim- 
son flames receive their colour from 
strontium compounds. Crimson stron- 
tium flames are also used in flares and 
tracer bullets. The tracer bullets 
clearly show the path that would be 
taken by a real bullet. Barium com- 
pounds give a _ rather beautiful 
greenish-yellow (apple-green) 


STRONTIUM 
FLAME ‘ \ 
S BARIUM 
yQ FLAME 
PLATINUM 
WIRE 
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Flame test. Strontium flames are crimson 
and barium flames are apple green. 
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The colours in this firework display come from compounds 


pee ore 
Se 


of strontium and barium, the 


al 


crimson from strontium and the apple green from barium. 


coloured flame. 

The distinctive flame colours of the 
compounds of strontium and barium 
make it easy for the chemist to 
detect their presence during analysis. 
If a clean platinum wire is held in a 
roaring Bunsen flame it does not 
change the flame colour at all. If the 
wire is first dipped into concentrated 
hydrochloric acid, then into a little 
of the sample being analysed and 
finally held in the Bunsen flame some- 
times the flame will be coloured. 
Barium compounds give apple-green 
flames and strontium compounds give 
crimson flames. 

Although their flames are so dif- 
ferent, strontium and barium are two 
very similar members of a family of 
elements. The metal calcium is the 
head of this small family. It is not 
surprising that they are chemically 
similar, for reference to the periodic 
table of elements (see page 92) shows 
that calcium, strontium and barium 
all have completely full inner shells of 
electrons and two electrons in the 
outermost shell. The difference be- 
tween them is that barium has one 
more full electron shell than strontium 
which in turn has one full shell more 
than calcium. 

The similarity between these ele- 
ments has been the cause of trouble. 
A radioactive isotope of strontium, 


known as strontium go,is one of the 
products of nuclear explosions. Be- 
cause of its similarity to calcium, this 
radioactive strontium can take the 
place of the much-needed calcium in 
milk. There have been several occa- 
sions when large quantities of 
contaminated milk have had to be 
poured away to avoid the risk of 
harmful effects which might result 
if it were drunk. 

Both strontium and barium are 
highly reactive metals and because of 
this are never found free in nature 
but always in the form of compounds. 
Among other methods the metals can 
be obtained by the electrolysis of 
certain of their compounds. But as 
the metals themselves have little use 
they are extracted only on a small 
scale. Strontium has no commercial 
uses but some barium is used in 
removing the last traces of air from 
radio valves. Barium is also made into 
an alloy with nickel. This alloy is used 
in sparking plugs and the cathodes of 
radio valves because when it is 
heated it releases large quantities of 
electrons. 

Both metals are silvery white in 


Crystals of 
barium and 
strontium 
minerals. 


colour and are quite soft. Strontium 
is about as soft as lead and barium is 
softer still. In air strontium oxidizes 
fairly rapidly whereas barium is much 
more reactive and bursts into flame. 
Although the metals themselves 
have few uses this is certainly not true 
of their compounds. 
Strontium compounds. Two 
strontium compounds occur naturally. 
These are the sulphate and the 
carbonate. Strontium sulphate or 
celestite crystals are very beautiful. 
They are usually colourless but some- 
times have a soft tinge of blue. They 
can be confused with barite, the 
sulphate of barium. Crystals of stron- 
tianite, strontium carbonate are 
yellowish white in colour. They, too, 
are sometimes confused with the 
carbonate of barium, witherite. Flame 
testing with a small piece of crystal 


Beet sugar being purified with strontium hydroxide. Solid particles 
of strontium saccharate form from which carbon dioxide regenerates 


the sugar. 


soon settles the confusion. Other 
strontium compounds are manufac- 
tured from the carbonate and 
sulphate. 

Strontium hydroxide is made by 
treating the carbonate with super- 
heated steam (steam heated to well 
above 100°C.). The hydroxide can be 
used in the refining of sugar. Sugar 
dissolves in water and therefore water 
cannot be used to wash it free of 
impurities. With strontium hydroxide, 
WITHERITE 


(BARIUM 
a CARBONATE) 


CELESTITE 


the sugar forms a white insoluble 
compound called strontium saccha- 
rate. The strontium saccharate is 
washed free of impurities. The sugar 
is reformed by blowing carbon dioxide 
through the saccharate. The sugar 
redissolves and solid particles of stron- 
tium carbonate form. They are then 
removed from the purified sugar. 
This method is not universal. Many 
countries use calcium hydroxide in 
preference to strontium hydroxide. 
Because of its high oxygen content 
(which helps in burning) and the red 
colour of the flame, strontium 
peroxide is sometimes used in the 
burning mixture for tracer bullets. 
Strontium nitrate, though, is more 
popular for ordinary fireworks. 
Barium compounds. The two 
naturally occurring ones are barite, 
or barytes (barium sulphate) and 
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Heavy mud made of crushed barite is used to lubricate the drill 
during boring for oil, hold the escaping gases in check and carry 


rock chippings to the surface. 


witherite (barium carbonate). Unlike 
strontium compounds nearly all 
barium compounds are poisonous. 
Barium sulphate, a white powder, is so 
very insoluble that it does not have 
poisonous effects. In fact it is used in 
hospitals in the taking of x-ray photo- 
graphs of the stomach and intestines. 
Normally the x-rays would pass 
straight through these parts of the 
body and not show up on _ the 
photograph. If the. patient swallows 


STRONTIANITE 


(STRONTIUM 
CARBONATE) 


barium compounds it is extremely 
heavy or dense. It is crushed and made 
into a heavy mud which is poured 
into oil wells and holds the escaping 
gases in check during boring. The 
heavy mud also lubricates the drill 
while the boring is taking place and 
brings to the surface with it rock 
chips from the drilling. 

Barite (barium sulphate) is also the 
main constituent in the white pig- 
ment lithopone. Lithopone paint is 
not poisonous and is not blackened 
by hydrogen sulphide in the atmos- 
phere as is lead paint. Lithopone is 
also used as a filler in rubber and 
linoleum. 
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HE internal structure of plants is 

studied mainly by examination of 
thin slices under the microscope. 
These thin slices or sections tell us 
much about the structure of the cells 
which make up the plant and how 
they vary in different parts of the 
plant. The equipment needed for 
obtaining sections includes a sharp 
razor of the type illustrated, a small 
fine brush and a number of watch 


ng a number of useful 
r Plant Material 


Effect 
Cell walls all stained 
pipe 
ignified walls turned 


red 
Cellulose walls turned 
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ignified tissues turned 
red 
Cellulose tissues turned 
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Lignified tissues turned 
blue 
Cellulose tissues turned 
brown 


glasses and microscope slides. When 
dealing with delicate material (espec- 
ially leaves) pieces of pith (that from 
elder twigs is ideal) are useful for 
holding the material. The pith and 
the specimen are held as shown and 
the razor is stroked across the top 
towards the body, cutting off the 
thin slices required. Cross-sections and 
lengthwise ones are obtained in the 
same way. The razor and material 
must be kept moist with water (for 
fresh material) or alcohol (preserved 
specimens) to prevent shrinkage. Sec- 
tions shaved off are brushed into 
water or alcohol. For quick examina- 
tion the sections are placed on a slide 
with a drop of glycerine. Any which 
are thin enough to show the cells 
clearly can be stained for permanent 
use. Staining is a process of adding 
dyes to show the different tissues in 


different colours. Many stains are 
dissolved in alcohol and before stain- 
ing the sections must be placed in 
alcohol. After a certain period in the 
stain(s) the section is transferred to a 
series of watch glasses full of alcohol, 
ending with concentrated alcohol. 
This removes water and excess stain. 
The alcohol is removed by dipping 
the sections in clove oil or benzene and 
the section is then placed on a clean 
glass slide with a drop of Canada 
Balsam (a resinous glue). A cover-slip 
of thin glass is added and sealed by 
warming to harden the balsam. The 
slide (properly labelled) can then be 
kept and examined whenever neces- 
sary. Details of time exposures for 
staining vary with the stain and the 
material used. They must be obtained 
from a text-book or worked out by 
practice. 


(I) The sections are transferred from razor to watch glass and then placed on a microscope 
slide (2) for examination. Any which are suitable for permanent staining are passed through 
the stains (3) and alcohols and mounted on a clean slide with Canada Balsam (4) and a 
cover-slip (5). Warming over a spirit lamp (6) hardens the balsam and the slide (properly 
labelled) can be stored. 


MAGNETISM 


A cut-away picture of a tape-recorder. This 
recorder has two heads, one for erasing and 
the other for recording and playing-back. 


MAGNETIC TAPE 


WO magnets influence each other, even when they 

are not actually touching. If a magnetic compass 
needle is placed near the poles of a magnet, the poles 
of the magnet attract or repel the poles of the compass 
(like poles repel, unlike poles attract), and the compass 
needle will, in general, be deflected. It moves more 
when near a strong magnet than a weak one. After the 
magnet has been taken away the compass needle quickly 
forgets it has ever been near another magnet, and moves 
back to point in its original direction. 

Magnetic tape, of the sort used in ordinary tape 
recorders, behaves very much like an assemblage of 
compass needles. One side of it (the dull side) is coated 
with a paste containing needle-shaped iron oxide (ferric 
oxide, Fe,O,) crystals. These crystals can be thought of as 
compass needles, themselves tiny magnets with a north 
and a south pole each. In new, unrecorded tape the 
needles are pointing so that their effects cancel each 
other. But when magnetic tape is brought near a magnet, 
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the needles are deflected, the amount of deflection de- 
pending on the strength of the magnetic field around 
the magnet. The effect of the needles no longer cancel 
and the piece of tape behaves, as a whole, like a magnet. 
But the important property of these particular crystals 
is that they can stay deflected and keep some of their 
magnetism almost indefinitely. Since the extent to which 


CAPSTAN 


Rollers and capstans ensure that 
the tape moves at constant speed. 
Pressure pads press the tape 
against the ‘heads’. 

‘SHIELDING’ AROUND THE 


HEADS TO PREVENT THEIR 
AFFECTING EACH OTHER 


DIRECTION OF . 
MOVEMENT OF TAPE 


P PRESSURE 
PADS 


they were magnetized depends on the 
strength of the magnet, magnetic 
tape can keep a permanent record of 
the strength of any magnet it is 
brought near. 

This is the principle behind mag- 
netic tape recording. The sounds to 
be recorded are to-and-fro vibrations 
of air. In a microphone they are con- 
verted into to-and-fro variations in 
electric current. These are amplified 
(strengthened) by electronic circuits 
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DIRECTION OF MOVEMENT OF TAPE —> 


The pia is in unrecorded poy are dis 
aligned. The Erase head aligns them, but,’ 
their magnetic fields still cancel. 
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either side of the gap behave alter- 
nately like north and south poles 
of a magnet. The recording head is 
an electromagnet. 

Magnetic tape is drawn at constant 
speed past the gap in the recording 
head, the coated side being pressed 


THE NEEDLE-SHAPED 


MAGNETISED BY THE 
MAGNET 


CRYSTALS IN 
UNMAGNETISED 
TAPE 


A compass needle is deflected while it is near a magnet. Magnetic tape can be likened to a 
collection of tiny compass needles. But they stay deflected after passing by a magnet. 


in the tape-recorder itself, and finally 
passed round a coil wound on an 
iron ring, called the recording head. 
Varying currents in the coil make 
varying magnetic fields in the record- 
ing head. 

In this iron ring, so small that it can 
hardly be seen with the naked eye, 
is a gap, rather like the gap between 


re mae, two poles of a horseshoe magnet. 


the urrent in the coil surges to- 
iin, eee of the ring on 
, ™— 
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against the gap so that it experiences 
as large an effect as possible from the 
magnetic field. And the tape becomes 
magnetized, variations in the field in 
the gap becoming variations in the 
magnetic field on the needle-shaped 
magnetic crystals coating the tape. 

So the process of tape recording 
starts with an air vibration and 
finishes up with a similar variation in 
the arrangement of the tiny magnets 
on the tape. 
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Tape Playback 

Recording a sound is only half of 
the function of a tape-recorder. It 
must be able to play-back a recorded 
tape, reconverting the variations in 
the arrangement of tiny magnets on 
the tape into sounds. If the tape- 
recorder is functioning properly, the 


. played-back sound ought to be the 


same as the original. 

Playing-back is virtually the same 
as recording in reverse. Magnetic 
variations on the tape make magnetic 
variations in a gap in the play-back 
head (very similar to the recording 
head, and in most recorders the same 
head is used for both purposes). The 
varying magnetic field makes a vary- 
ing current in a coil wound around 
the head. After these currents have 
been amplified they are fed into a 
loud-speaker, which converts them 
into air vibrations, or sound. 

Each single sound wave makes a 
pattern of magnetization in the tape, 
and the length of this pattern corres- 
ponds to the wavelength of the sound. 
Suppose, for example, the musical 
instrument is playing middle C, and 
thus making the air near the micro- 
phone vibrate 256 times a second. 
The polarity of the recording head 
changes from north to south and to 
north again 256 times each second, 


4 The recording head makes, and the play- p 
back head reproduces, a pattern of mag- 
netization on the tape. 


and the result is 256 patterns repeated 
along the length of the tape. While 
the magnetic field is varying, the 
, tape is moving past it at a steady tne ptayep-sack 

speed—a standard speed in common 86 THE SAME AS THE 


use is 33 inches per second. So if this ak ae aig 
speed is used, there are 256 separate 
patterns left on every 32 inches of 
tape, or one pattern occupies only 
about 1/7oth of an inch. If the tape 
is now played back at the same standard 
speed, 256 magnetic patterns crossing 
the gap in one second will make 256 
air vibrations in a loudspeaker, and 
the listener will hear middle C once 
more. 

But if by mistake the tape-recorder 
is switched to play back at a different 
speed, the listener will not hear the 
same sound. If tape recorded at 3? 
inches per second is played back at 
74 inches per second (another stan- 
dard speed), double the number of 
patterns affect the playback head 
each second, and the listener hears a 
note of doubled frequency, i.e. an 
octave higher. 


Erasing the Tape 

The magnetic pattern in the tape 
can be kept indefinitely, and tapes 
can be stored for years without 
losing any of their magnetism. But 
magnetic tape is expensive, and often 
we want to make a new recording on 
the same reel of tape. Before this can 
be done, the old pattern must be 
wiped off, or erased. 

The magnetic pattern on the tape 
will, of course, be affected every time 
it is put near a magnetic field (this 
is the reason why magnetic tape 
should never be cut with iron or steel 
scissors, since these may be slightly 
magnetized.) The pattern is partially 
erased if it is passed again across the 
recording head gap and a new pattern 
put on top of it. But this new pattern 
can rarely swamp the old, and we 
will be able to hear both the old and 


the new recordings when the tape is 
played back. 

To erase the old pattern completely 
tape recorders have a separate ‘head’ 
called the erase head. Like the record- 
ing and playback heads, the erase 
head is an electromagnet, an iron 
ring with a gap in it and a coil of 
wire wound around it. The current 
fed to this coil is made by an oscillator 
inside the tape recorder. It alternates 
very rapidly indeed, at about 50,000 
times a second, and the current is 
larger than the largest current ever 
likely to be passed to the recording 
head. It deflects the needles in the 
tape coating, completely obliterating 
their previous pattern. However, this 
current makes a magnetic field which 
changes too rapidly to leave on the 
tape a pattern which can affect the 
playback head, and the magnetic 
‘needles’ in the tape are left pointing 
so that their effects cancel. 

On the face of it, magnetic-tape 
recording seems a fairly straight- 
forward method of reproducing 
sounds, and it is surprising that it has 
taken so long to develop. But the 
‘magnetic crystals in the tape have 
very special properties. They do not 
behave simply (as represented in the 
diagrams) as magnetic compass 
needles which somehow manage to 
stay deflected once they have been 
brought near a magnet. The crystals 
themselves do not move—only the 
direction in which they are magnetized 
changes, and they can keep their 
magnetization only if they are mag- 
netized strongly. The tape soon loses 
its pattern of magnetization if the 
signal it is recording is weak. So an 
extra current is added to the micro- 


phone current to turn the magnets by 
an extra amount. This is called a bias 
current, and in some ways it is similar 
to the bias applied to the grid of a 
valve. The pattern recorded on the 
tape is a combination of the patterns 
produced by two signals, the signal 
we want later to hear, and the bias 
signal. In practice it is found that 
biassing the recording head with a 
current of the same high-frequency as 
that supplied to the erasing head 
(though not as large as the erasing 
current) changes the direction of the 
magnets in the tape the extra amount 
needed for them to stay changed. Any 
‘sound’ produced by the high-fre- 
quency bias will be inaudible. There 
is, as yet, no completely satisfactory 
explanation of what happens in high- 
frequency biassing, but it works so 
successfully that it is used in all _— 
modern tape-recorders. —_ 


INORGANIC CHEMISTRY | 


CALCIUM 


ALTHOUGH the metal calcium 

is not itself particularly import- 
ant commercially, a number of its 
compounds have been used exten- 
sively in various industries over a 
period of many years. Limestone 
(calcium carbonate) is an essential 
ingredient for the manufacture of 
both Portland cement and glass. The 
mortar which is used in bonding 
bricks together, is made by mixing 
slaked lime (calcium hydroxide) and 
sand with water until a thick paste 
is obtained. 

Anhydrite (one of the naturally 
occurring forms of calcium sulphate) 
is now being used as a source of sul- 
phur for the manufacture of sulphuric 
acid. Calcium phosphate is an essen- 
tial constituent of .bone, containing 
as it does some 58% of the com- 
pound. 

Calcium does not occur free in 
Nature, but calcium-containing com- 
pounds are widespread and available 
in large quantities. Amongst the 
naturally occurring calcium com- 
pounds is calcium carbonate which 
is the principal constituent of lime- 
stone, marble, coral, and chalk. Cal- 
cium sulphate occurs as anhydrite 
and gypsum. Fluorspar, calcium fluo- 
ride, is a valuable source of fluorine 
gas as well as of the element calcium. 

In common with the other reactive 
metals which are related to it, metal- 
lic calcium may be obtained by the 
electrolysis of fused calcium chloride. 
To lower the melting point a small 
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Compounds of calcium may be detected by 
pee red colour which they give to a 
SED 


quantity of calcium fluoride may be 
added. The calcium chloride comes 
as a by-product from the Solvay 
Process for the manufacture of sodium 
carbonate, but since the demand for 
calcium is very small compared with 
the amount of calcium chloride pro- 
duced, this is not a very profitable 
outlet for the calcium chloride. 

The electrolysis is carried out in a 
graphite-lined vessel which also serves 
as the anode of the cell. A water- 
cooled copper tube with an iron tip 
is used as the cathode. As calcium 
is deposited on the iron tip of the 
cathode, the cathode is raised slowly 
so that only the lower surface of the 
calcium is in the melt. 

Calcium is a silvery white metal. 
It is harder than lead but not much 
more dense than water. If exposed 
to the air it rapidly becomes covered 
with a layer of white calcium oxide. 
The metal may be burned in air and 
does so with a characteristic brick- 
red flame. This same colour is ob- 
served when any calcium compounds 
are heated on the tip of a platinum 
wire in a bunsen burner flame. 

Hydrogen gas and calcium hy- 
droxide are formed when calcium is 
put into cold water. Since the calcium 
hydroxide is not very soluble in water 
it tends to settle out of the solution 
as a fine white precipitate. 

Ca + 2H,O - Ca(OH), 


calcium water calcium 
hydroxide 


+ H, 
hydrogen 


Calcium is very reactive and will 


urner flame. 


Metallic calcium 1s usually obtained from 
molten calcium chloride by electrolysis. The 
calcium is deposited on the water-cooled 
cathode. 


Anhydrous calcium chloride 1s used as a 
drying agent. In this desiccator hot cruct- 
bles and evaporating dishes are able to 
cool down without absorbing water vapour 
since the air has been dried. 


combine directly with dry chlorine, 
hydrogen, nitrogen and sulphur to 
form calcium chloride (CaCl,), cal- 
cium hydride (CaH,), calcium ni- 
tride (Ca,N,) and calcium sulphide 
(CaS) respectively. 

Calcium is used as a reducing agent 
both in organic chemistry and in the 
extraction of metals from their com-- 
pounds. It is also used as a drying 
agent for removing the last traces of 
water from organic substances such 
as alcohol. The usual method of keep- 
ing absolute alcohol free of water is 
to have calcium shavings in the 
bottom of the bottle, though these 
must first be removed if the bottle 


The principal raw materials used in the manufacture of the general-purpose glass for 
bottles and jars are sand (silicon oxtde), limestone (calcium carbonate) and soda ash 
(sodium carbonate). Here the raw materials are being fed from hoppers to the furnaces at 
the beginning of the process. 


should subsequently be rinsed with 
water. 

Calcium oxide (quicklime) is manu- 
factured on a large scale by lime 
burning: limestone (calcium carbon- 
ate) is heated in tall furnaces known 
as lime kilns. The heat needed to 
bring about this reversible reaction 
is obtained by burning producer gas 
in air. Quicklime is removed from 
the foot of the kiln and the carbon 
dioxide escapes from the top. 

Caco, z= G20 + CO, 

calcium calcium carbon 

carbonate oxide dioxide 
Since much heat is given out when 
calcium oxide is added to water, it is 
frequently converted into slaked lime 
(calcium hydroxide) before being 


CaO + HO > Ca(OH), 
calcium water calcium 
oxide hydroxide 


used. In addition to its uses in the 
building trade, slaked lime is used 
extensively in agriculture for ‘sweet- 
ening’ acid soils. The calcium hy- 
droxide is mildly alkaline and neu- 
tralizes the acid. Slaked lime is also 
an important raw material in the 
manufacture of a large number of 
other industrial chemical compounds. 

As already stated large quantities 
of calcium chloride are obtained as a 
by-product from the Solvay Process. 
This salt may also be obtained by the 
action of hydrochloric acid on calcium 
oxide, calcium hydroxide or calcium 


carbonate. Some commercial calcium 
chloride is used in the preparation of 
metallic calcium, but a rather larger 
portion is converted to the anhydrous 
(water free) state by heating. (Crys- 
talline calcium chloride contains six 
molecules of water with every mole- 
cule of calcium chloride.) As an- 
hydrous calcium chloride readily 
absorbs water it is frequently used as 
a drying agent. 

Calcium carbide is an interesting 
compound in that it is itself inorganic, 
but can be used as a source of organic 
compounds. It is manufactured by 
heating a mixture of coke and quick- 
lime at 2500°C. in an electric furnace. 

CO + 3C = 


calcium carbon 
oxide 


Cal,y + CO 
calcium carbon 
carbide monoxide 
By adding water to calcium carbide 
(a greyish solid) the inflammable gas 
acetylene is set free: 


Cac, + 2H,O > C,H, + Ca(OH), 
calcium water acetylene calcium 
carbide hydroxide 


Calcium carbide was formerly used 
as a convenient source of acetylene 
for bicycle lamps and car lamps. Ace- 
tylene is now manufactured using the 
same method on a large scale and 
then converted into acetaldehyde, 
ethyl alcohol and acetic acid. 
Calcium sulphate is found in Na~ 
ture as an anhydrous salt (anhy- 
drite) and a dihydrate (gypsum). 
When gypsum is heated to 120°C. 


STALACTITES 


When water which contains dissolved car- 
bon dioxide flows over limestone soluble 
calcium bicarbonate is formed. Stalactites 
and stalagmites build up in limestone caves 
as a result of such a solution dripping down 
and evaporating. 

iecrnicin® ~~ 

SUPPLY 


CARBON 
MONOXIDE 


Section through an electric furnace in 
which calcium carbide is made from coke 
(carbon) and quicklime (calcium oxide). 


it loses some of the combined water: 


2CaSO,.2H,O0 -—+ (CaSO,),.H,0 + 3H,O 
gypsum Plaster of Paris water 


This ‘hemihydrate’ is known as 
plaster of Paris which sets to a hard 
mass after water has been mixed with 
it. During the setting process the 
plaster expands slightly, so ensuring a 
sharp copy of any mould into which 
it is poured. It is widely used as an 
ingredient of the plaster for use in- 
side buildings both on walls and for 
ornaments. Gypsum is also used in 
the manufacture of the crayons 
(‘chalk’) used on blackboards, and 
in the plaster used in orthopaedics 
(for ‘setting’ broken bones) and den- 
tistry. Calcium sulphate is slightly 
soluble in water and is one cause of 
permanent hardness of water. 

It will be seen that calcium is in 
many ways similar to strontium and 
barium which have already been des- 
cribed (see pages 686-7). This is to 
be expected as they are in the same 
family in the periodic table. 
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ELECTRONICS 


Suppressing the Flyback 
Trace of an Oscilloscope 


HE timebase of an_ oscilloscope 

described on pages 684-5 is res- 
ponsible for the left-to-right move- 
ment of the spot of light across the 
screen. It is simply a circuit whose 
output voltage rises steadily to a 
maximum and then drops steadily 
but more rapidly to its original value. 


A SAWTOOTH WAVEFORM 


VOLTAGE 


will disappear altogether. Hence the 
extra grid bias is obtained from some 
point in the time base circuit which 
is negative during the flyback movement. 
The point marked Q in the diagram 
fulfils the required condition. This 
point lies between the anode of the 
thyratron and the resistor which pro- 


OO 


A graph of the timebase voltage is 
called a sawtooth waveform for reasons 
which are obvious from the diagram. 
The frequency of the sawtooth volt- 
age is adjusted until it coincides 
exactly with the frequency of the 
pulse (or the frequency of a number 
of pulses) being displayed. This: ‘syn- 
chronization’, as it is called, ensures 
that the pattern on the screen remains 
stationary. If a sawtooth voltage is 
applied to the X-plates of an oscil- 
loscope the spot of light moves for- 
wards and backwards across the 
screen. The rapid right-to-left, or 
backward, motion is known as the 
flyback. It is very desirable not to see 
the spot as it flies back across the 
screen between pulses, since its move- 
ment in the right-to-left direction is 
not related to the pulse being dis- 
played on the screen. For this reason 
a flyback quenching circuit is employed 
to suppress the electron beam during 
the moment of flyback. 

Suppression of the electron beam 
can be achieved by making the grid 
of the cathode ray tube more than 
usually negative—so negative in fact 
that the negatively charged. electrons 
are repelled back from it and never 
reach the screen. But of course extra 
negative bias must be given to the 
grid only during the right-to-left 
movement of the spot or the pattern 
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tects the thyratron from excessively 
large surges of electrons when the 
timebase capacitor discharges during 
flyback. Electrons can only surge 
through the thyratron from cathode 
to anode and not in the reverse direc- 
tion, so they have to pass through the 
resistor from the anode, not towards 
it (i.e. in the circuit diagram they 
pass upwards from Q to P). Since 
electrons flow from negative to posi- 
tive, this means that point Q must be 
negative during flyback. Hence a lead 
from point Q to the grid of the 
cathode ray tube (via a capacitor to 
isolate the grid from the positive high 


WITHOUT FLYBACK 
SUPPRESSION 


WITH FLYBACK 
SUPPRESSION 


tension supply) provides an easy 
means of suppressing the electron 
beam. 

There is a drawback to this system 
in that point Q becomes positive 
while the time-base capacitor is charg- 
ing up (i.e. during the left-to-right 
sweep). The positive charge at Q 
would make the grid of the cathode 
ray tube /ess than usually negative, 
with the result that more electrons 
would pass through the grid and the 
spot of light would become brighter. 
In order to ensure that the spot re- 
mains at the same brightness through- 
out the forward sweep, a diode valve 
is connected between the grid of the 
cathode ray tube and the negative 
high tension supply. The diode allows 
electrons (negative charges) to pass 
from cathode to anode and stops them 
passing from anode to cathode. With 
the anode of the diode connected to 
the grid of the cathode ray tube any 
tendency for the grid to become posi- 
tive is immediately stopped since any 
positive charges on the grid are neu- 
tralized by electrons attracted through 
the diode. Thus the diode prevents 
the spot of light from brightening up 
during its passage across the screen. 


The flyback quenching circuit is shown in yellow. It consists simply of a capacitor and a 
diode valve and has the effect of converting the very short pulse of electrons which 
appears at the anode of the thyratron when it conducts (1.e. during flyback) into a negative 
pulse which can be applied to the grid of the cathode ray tube to suppress the electron beam. 


(Y-PLATES 
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A tractor-drawn harvester thresher 
(grain tank version) which ts oper- 
ated from the power take-off shaft of 
the tractor; (inset) a model equipped 
with a bagging platform in action. 


THE COMBINE HARVESTER 


HE combine harvester has elimin- 

ated much of the work that was at 
one time involved in ‘gathering the 
harvest’. It is both reaper and 
thresher—performing in hours tasks 
that previously took days and which 
required a far larger labour force. 
Harvesting used to involve several 
operations. The corn was reaped by 
hand with a scythe, collected into 
sheaves and stacked into groups called 
stooks. These were loaded by hand 
on to carts, when thoroughly dry, and 
carried away to a site for stacking 
prior to being threshed. 

The reaper and binder followed, 
but it is only recently that the sight of 
‘combines’ at work on farms in Britain 
has become common. Nevertheless 
the idea of harvesting and threshing 
in one operation is at least one hun- 
dred and twenty-five years old, for 
two separate machines which did both 
jobs at once were patented in the 
United States in 1836. An Australian 
invention in 1845 proved more suc- 
cessful, however. This stripped the 
heads off the crop instead of cutting 
them, and left the rest of the crop. 

New American combines followed. 
In them the moving blades of the 
reaping machine were incorporated 
with features of the stationary thresh- 


ing machines. By 1890 they were 
commonplace in California during 
harvest time. At this stage the 
machines were geared to the slow, 
plodding pace of horses, or to lumber- 
ing steam engines. The development 
of the internal combustion engine, 
however, led to the building of the 
first motor tractor. Its introduction 
revolutionised farming operations. 
Existing machines had to be modified 
and improved so that they could 
operate faster without being shaken 
to pieces. 

Following the First World Warcom- 
bine harvesters were being used by 
many more farmers, not only in Cali- 
fornia, but on the great prairies to the 
east of the Rocky Mountains. Because 
of the vast areas involved and the 
huge quantities of grain that had 
to be harvested, combines of that 
period were mostly big machines and 
it was not until the early 1930’s that 
smaller types began to come into 
general use in mixed-farming areas. 

The first combine harvester to 
enter Britain was assembled in Lon- 
don in 1928. This was tractor drawn, 
had a ten-foot cut and incorporated a 
built-in engine which operated the 
threshing and straw ejection mechan- 
ism. A man on a platform collected 


the grain in sacks as it poured down a 
chute at the side of the machine. 
Three men only were required to 
operate the whole outfit—just a 
quarter of the number needed to do a 
similar amount of work under the 
old method of reaping, stooking, 
carting and threshing. 

Later self-propelled models were 
introduced, though trailed (tractor- 
drawn) models are still popular with 
some farmers. 

Where combines are used, the corn 
is allowed to become very ripe and 
dry before it is cut and threshed in one 
operation by the combine as it works 
over the field. 

The power to operate the combine 
may be obtained from its own engine, 
as in a self-propelled machine, or in a 
trailed combine which has its own 
engine, or alternatively from the 
tractor power take-off. A combine con- 
sists of the following basic parts: (1) A 
cutting mechanism at the front, similar 
to that of a hay-mower. This can 
be adjusted to leave stubble heights of 
from three or four inches to two feet. 
(2) Slightly in front of and above the 
cutter is the pickup reel. This ‘rakes’ the 
crop into the optimum cutting posi- 
tion and feeds it to the cutter—thus 
achieving excellent recovery of corn 
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that has been flattened by bad 
weather. (3) The revolving auger just 
behind the cutter keeps the cut crop 
moving and feeds it onto the conveyor 
or elevator (4), a wide moving band of 
rubberised canvas or slats on chains. 
(5) The crop is carried by the con- 
veyor into the threshing unit. This con- 
sists of a large revolving cylinder on 
which are parallel rasp bars. Close 
to and underneath the cylinder is the 
concave, a grating through which the 
grain falls, having been gently rubbed 
out of the heads as the cylinder 
rasp bars move over the bars on the 
concave. Behind the cylinder on some 
models is a beater which ensures a 
smooth flow of grain out of the 
cylinder unit and helps to loosen any 
grain remaining in it. (6) The straw 
is fed onto the straw-racks or walkers. 
These comb, pitch and toss the straw 
to get all the grain out and to keep it 
moving even on steep inclines. A pan 
underneath catches any grain shaken 
free and passes it to the pan and 
shaker units (7) onto which the grain 
from the cylinder unit has fallen. The 
shaker unit consists of two sieved trays 
one under the other and each moving 
backwards and forwards but out of 
phase with each other. A fan at the 
front end of the shaker unit provides a 
controlled blast of air that is strong 
enough to blow the light chaff clear 
of the grain. The chaff passes out of 
the combine, with the straw from the 
straw-walkers, and is deposited at the 
back of the combine as it moves along. 

Thus the grain is thoroughly cleaned 
by the double-sieving and by the air 
blast. It drops through the sieves of 


A ‘flow diagram’ showing the parts of the combine illustrated above and their sequence of 


operation. . 


the shaker unit and is elevated to the 
grain storage tanks (8) (if these are 
fitted). Models with storage tanks can 
unload on the move. Grain passes 
out of the large discharge pipe, which 
is fed by means of a vertical and a 
horizontal auger from the storage 
tanks, into a lorry or tractor-drawn 
trailer travelling alongside. Models 
without storage facilities may have a 
bagging platform on the side which 
has room for an operator to fill 
empty sacks and to stack full ones. 
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There are many variations between 
different combines though the basic 
components and treatment of the 
crop remain fairly constant. The 
heights of the cutting blades and pick- 
up reel can be adjusted automatically. 
The speeds at which the cylinder 
rotates, and at which other parts 
move, can also be adjusted at the 
touch of a lever. 

The straw that has been deposited 
on the field is later picked up a 
may be baled automatically by a bale 


_, 


CONVEYOR 


—_— 


wt 


STORAGE TANK ¢ iim 7a 


DRIVER’S POSITION 
AND CONTROLS 


FERGUSON 


: MACCENE 


STRAW. WALKERS 


SIEVED TRAYS OF 
SHAKER UNIT. 


CONCAVE 
INCLINED 
PAN 


SHAFT 
OF FAN 


A self-propelled combine cut away to show its construction. The 
large grain tanks can be unloaded on the move. 
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| ENGINEERING ~ 


Workshop 
Practice 
how metal 


i G& ¢’7i 


ORKSHOP practice might be described as the 

practical art of cutting up metal and fitting the 
pieces accurately together to form all kinds of useful 
products such as machinery and fittings for industrial and 
domestic use. Many of the things we use are made by 
a highly developed form of workshop practice which we 
call production engineering. Expensive and complicated 
machines are used, but if they are examined closely it 
is found that they use the same elementary basic principles 
as are used in simple workshop operations, and so it is 
important for these principles to be understood. 


Wood splits easily along the grain. When cut across the grain 
the fibres are chopped by the saw. 


Although workshop practice is carried out on many 
different modern materials, it is still mainly concerned 
with the working of metals, especially steel. A lot of time, 
money and energy is spent in cutting up these metals, 
and so it is important to try to understand what happens 
to the metal during the cutting operation. 

It is common knowledge that wood will split if a wedge 
is driven into the grain, and so it is very easy to cut. 
When a saw cuts across the grain, little pieces of the 
wood fibres are sheared off leaving a saw cut in the 
wood. 

Metal does not behave like this at all because it is, in 
most cases, strong and tough. It is much more uniformly 
solid throughout and not fibrous like wood. 

Metal-cutting tools are not driven into the metal like 
a wedge but move across the surface with a kind of 
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An advanced machine tool for cutting gear wheels. 


scraping action. The cutting point sinks into the surface 
by a small amount called the depth of cut. Pressure 
builds up at the point of the tool until it is so great that 
the small area of metal in contact with and ahead of the 
cutting edge becomes very soft and plastic. Due to the 
great pressure this temporarily plastic metal slides away 
from the cutting edge and is detached from the main 
body of metal in the form of a thin strip or a small curly 
chip. This loose material is called swarf and it is waste 
material. It is therefore desirable to keep the amount of 
machining (and the amount of swarf produced) to a 
minimum, and much of the skill and experience of the 
engineer must be directed to this end so that metal 


If a wedge is driven into a block of steel, the material does not 
split like wood. The wedge is easily blunted and sticks in the 
metal. This is not a good way of cutting metal unless it is red hot 
or quite thin. 


cutting can be done as economically as possible. Some- 
times the chips and ribbons of swarf are collected until 
there is a quantity sufficient to return to the steelworks 
for remelting, but the best way is to produce as little 
swarf as possible. 

If movement of the cutting edge is a straight line then 
the machined surface left behind by it will be straight 
also, and this is why metal cutting can be done accurately 
so that two pieces of metal, after being cut, can be fitted 
together very closely. But this also means that the surface 
must be smooth and clean as well as straight. This de- 
pends very much upon the shape of the cutting edge 
which always has two essential angles. One, called the 
clearance angle, ensures that the cutting edge is clear of 
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Specially toughened saw blades, having teeth formed at the 
correct cutting angles will cut metal almost as easily as wood, 
but with a different cutting action. 
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Cutting angles are important even in a simple cutting tool such as 
this, otherwise a straight and uniform cut cannot be obtained. 


the machined surface, otherwise the cutting edge could 
not sink into the metal. The part of the cutting edge 
along which metal slides is inclined at the angle called 
the top rake angle. This angle controls the flow of metal 
and, for soft metals, flow occurs most readily if the angle 
is as large as possible. There is a snag, however, because 
when the angle is large the cutting edge becomes thin 
and weak and easily breaks or wears. The shape of metal 
cutting tools therefore has to be carefully chosen and 
carefully preserved each time they are sharpened. 

There are two other important things about cutting 
tools. Firstly the angles to which the tool is formed are 
different for cutting different metals. Soft aluminium 
requires different angles than tough steel. The engineer 
must therefore learn carefully the correct angles for 
various materials in order to do his work efficiently. 

Secondly, the swarf produced has to be disposed of. 
The picture of the saw clearly demonstrates that the 
swarf can easily fill the space between the teeth. This 
may then either stop the tooth from cutting, or possibly 
break the tooth off. To avoid such accidents all cutting 
tools must be designed or used in such a way that the 
swarf is disposed of as it is produced and this is part of 
the skill and knowledge involved in successful workshop 
practice. 
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The point of a cutting tool has definite cutting angles which are 
based upon scientific knowledge of the behaviour of metal during 
machining. 
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HEAT PHYSICS 


The Liqueractign of GASES 
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GREAT deal of space is needed 
for the storage of gases, whereas if 
they are liquefied the space needed 
is cut down tremendously. For ex- 
ample, 32 grams of liquid oxygen will 
only occupy about 28 c.c.s, but if that 
oxygen becomes a gas the volume 
occupied will be enormous by com- 
parison. If this gas volume is measured 
at S.T.P. (standard temperature 0°C. 
and 760 mm. of mercury pressure, 
the height of mercury supported by 
the atmosphere) the 32 grams of 
oxygen will occupy 22,400 c.c.s, i.e. 
about 800 times as much space. 
Hence there is an advantage to be 
gained by storing oxygen as a liquid. 
Liquid oxygen, however, forms an 
explosive mixture with grease, and 
fires have been caused by grease 
being used to lubricate the tap of the 
cylinder. Liquid oxygen is quite safe 
provided that no grease is allowed to 
come into contact with it. 
The molecules in gas are very much 
more widely spread out than the mole- 
cules in a liquid. In order to turn a 
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gas into a liquid its molecules must 
be brought close together and having 
come into contact they must con- 
glomerate and stick together. This 
may be achieved by compressing the 
gas so that there is less empty space 
between molecules, or by cooling the 
gas so that the molecules have less 
energy and therefore move less 
violently. 

Most gases become liquids only at 
very low temperatures. If the vessel is 
opened they boil away to become 
gases. To be liquids they must be very 
cold indeed. Liquid oxygen and liquid 
nitrogen are frequently used in 
the laboratory for low-temperature 
research. 

Liquefaction of gases such as oxy- 
gen and nitrogen is difficult, but this 
is not true of all gases. Water vapour 
coming from the spout of a boiling 
kettle finds no difficulty at all in 
condensing into minute droplets of the 
liquid, water. Indeed it does so very 
quickly, for steam itself is invisible. The 
‘mist’ we call steam is actually drop- 


lets of water that have already con- 
densed. If the water vapour were 
prevented from cooling and com- 
pressed instead, it would liquefy 
under the increased pressure. So 
would the gases sulphur dioxide, 
carbon dioxide, ammonia and chlo- 
rine, although the pressures needed 
would be much larger than for the 
liquefaction of water vapour. 

For gases such as oxygen and nitro- 
gen it is not just a matter of com- 
pressing them until they are under 
very high pressures. However much 
they are compressed they will never 
become liquids at room temperature. 
At one time it was thought to be 
impossible to liquefy them and they 
were called permanent gases. 

If permanent gases are cooled 
sufficiently and then compressed they 
can be liquefied. Above a certain 
temperature (called the critical tem- 
perature) a gas cannot be liquefied 
by compression. The critical tem- 
perature varies from gas to gas. 
There are several methods of getting 
a. gas below its critical temperature 
and into the liquid state. 

The cascade method was one of the 
first to be used. As this process is 
too costly and unsuitable for many 
gases it is not used today. Raoul 
Pierre Pictet in Switzerland first 
liquefied oxygen using the cascade 
method. He liquefied sulphur dioxide 
at room temperature by compressing 
it and allowed some of this sulphur 
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Large vacuum flask for storing 
gases. 


dioxide to boil off at reduced pressure. 
In doing so the molecules had taken 
from the liquid the extra energy they 
needed to be a gas. This had the effect 
of cooling the liquid to below —60°C. 
The cold liquid sulphur dioxide was 
used to cool carbon dioxide gas so 
that it could be liquefied by com- 
pressing it. The carbon dioxide cooled 
still further when it too was allowed 
to boil off at reduced pressure. 
This cold liquid was finally used to 
cool oxygen to —110°C. When the 
cold compressed oxygen escaped 
through a fine nozzle into the lower 
pressure outside, it liquefied and 
sprayed out as a fine jet. 

Karl von Linde in his method 
rejected the idea of liquefying a 
series of gases, but cooled them in the 


The Heylandt cycle tor producing liquid 
oxygen on a large scale. 
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same way by compressing them and 
allowing them to expand rapidly. 
Linde designed heat exchangers for 
transferring heat from one stream of 
gas to another. A warm gas would 
flow up one pipe which was sur- 
rounded by a pipe down which a 
colder gas was flowing. The effect 
would be to cool the warm gas flow- 
ing up the inside pipe. If the inside 
pipe were designed as several smaller 
pipes instead of just one large one, 
the surface area of contact would be 
greater and the heat exchange more 
efficient. 

Air can be liquefied by the Linde 
process and indeed this has been done 
on an industrial scale. Carbon dioxide 
and moisture are removed from the 
air and before it enters the plant it 
is cooled at —45°C. by passing it 
through an ammonia refrigerator. 
This cuts the cost tremendously for 
the ammonia refrigerator is very 
cheap to run. The gases which have 
cooled are used on expansion to cool 
the incoming compressed gases until 
they are cold enough to liquefy. The 
nitrogen is separated from the oxygen 
in a rectification column. The indus- 
trial demand is chiefly for liquid 
oxygen and most of the nitrogen is 
rejected. 

In one modern method, the Hey- 
landt process, the air is compressed in 
stages and water-cooled- after each 
stage. Unwanted cold nitrogen which 
has been separated from the liquid 
oxygen is used to further cool the air 
before it liquefies. This nitrogen 
is then blown away as waste. 

In the Claude process the cooling is 
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The Linde process for liquefying gases. 
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The Claude process for liquefying gases. 


brought about by making the gas 
expand and push back a piston. The 
work done in pushing back the piston 
takes energy out of the gas which 
therefore cools. 

It is no use keeping liquefied gases 
in ordinary bottles and. hoping they 
will stay there. Special containers 
are needed. The vacuum flask which 
is often used for keeping liquids 
warm was actually invented to pre- 
vent heat from reaching very cold 
liquids. These are only of use for 
small-scale storage. On a_ larger 
scale very heavy steel containers are 
used. To try to cut down on the 
weight of these cylinders for trans- 
portation the tanks are made of 
lighter, thinner steel and are very well 
insulated. 

All known gases have now been 
liquefied. Helium, the last to be 
liquefied, has to be taken to within a 
few degrees of absolute zero (— 273°C.) 
before it can be liquefied by pressure. 
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CARBURETTORS 


"THE burning of fuel which takes 

place inside the cylinder of an 
internal combustion engine can only 
be achieved if the petrol and air are 
mixed together. This burning is a 
chemical reaction in which petrol 
combines with the oxygen of the air 
to produce water, heat energy and 
oxides of carbon. A chemically correct 
mixture should have 15 parts of air 
to 1 part of petrol (both by weight) 
so that the amount of air present is 
just sufficient to burn the petrol com- 
pletely. A mixture having an excess 
of petrol is known as a rich mixture, 
the ratio being about g to 1. All the 
available air in this rich mixture will 
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A very simple form of down- 
draught carburettor. A filter 
packed with wire gauze is 
usually mounted on top of the 
air intake. 


be burnt but a small amount of un- 
burnt petrol will be present in the 
exhaust gases. A weak mixture has an 
excess of air, the ratio being perhaps 
1g to I: in this case all the available 
petrol will be burnt but a small 
amount of unchanged air will be 
present in the exhaust gases. 
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On most petrol engines the carbur- 
retor produces the required mixture 
in varying strengths to suit different 
engine conditions, such as starting, 
idling, acceleration, cruising, appli- 
cation of full power and so on. 

An efficient carburettor has to 
deliver a petrol/air mixture to the 
engine in such a condition that it can 
be burnt completely. It must be able 
to pass the correct mixture of petrol/ 
air at all engine speeds and under 
varying loads. In addition, the car- 
burettor has to atomize the petrol 
into tiny droplets and vaporize the 
resulting spray into a combustible 
mixture. 
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The Simple Carburettor 

The simple carburettor shown in 
Fig. I is of the down-draught type, in 
which gravity assists the flow of 
mixture into the inlet manifold. The 
float-chamber maintains a constant level 
of petrol in the carburettor by means 
of a hollow float and a needle-valve. If 
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the level in the float chamber should 
fall, the float falls also and opens 
the needle valve. This allows more 
petrol to flow into the float chamber: 
the float then rises and the needle 
valve closes again to seal the float 
chamber. An air hole or vent cnsures 
that the surface of the petrol in the 
float chamber is subjected to the 
same pressure as the atmosphere out- 
side. 

The function of the choke tube or 
venturt (see Fig. IV) is to increase the 
air speed through the carburettor. 
The downward movement of the 
piston during the induction stroke 
(when fuel is sucked into the engine 
cylinder) causes a reduction of pres- 
sure or a depression in the engine 
cylinder. Because the air entering the 
carburettor is at atmospheric pres- 
sure while the pressure in the engine 
cylinder is less than atmospheric, air 
is forced through the carburettor on 
its way to the cylinder. Before the 
air reaches the cylinder, however, it 
must first pass through the ‘waist’ or 
smaller diameter portion of the choke 
tube. Now, the amount of air passing 
along the larger diameter portion of 


Downdraught carburettor 
Bicep fitted with an air bleed 
and a compensating jet. 
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the choke tube in a given time is the 
same as the amount passing through 
the waist. Therefore the speed of the 
air at the waist must be greater than 
in the larger diameter of the choke 
tube. This increase in air speed causes 
a reduction of pressure in the waist 
of the choke tube. The reduction in 
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pressure which occurs whenever a flow of gas is speeded 
up, is vital to the carburettor’s action. 

Next the petrol needs to be mixed with the ingoing air. 
The jet supplying the petrol (at a definite rate) is situated 
in the waist of the choke tube (see Fig. I), where the air 
pressure is now low. The level of the jet outlets are just 
about level with the petrol in the float chamber. As the 
air above the surface of the petrol in the float chamber is 
subjected to atmospheric pressure, the petrol in the jet 
will be forced out into the waist of the choke tube. In the 
choke tube the air is moving at high speed and it there- 
fore atomizes the petrol emerging from the jet. The 
resulting mixture is forced downwards into the inlet 
manifold. 

Since the power of an engine depends on the amount of 
mixture it can burn, the throttle valve (see Fig. II) provides 
a simple means of controlling engine power by increasing 
or decreasing the amount of mixture passing into the 
cylinders. The throttle valve is mounted on a spindle 
which is normally operated by the accelerator pedal inside 
the vehicle. 

The simple carburettor described above is known as the 
constant-choke type, because, once fixed, the choke-tube 
size cannot normally be varied. All modern constant- 
choke-type carburettors, such as Zenith, Solex, and Strom- 
berg, are based on the principle of the simple carburettor. 


Mixture Compensation 
Without modification, the simple carburettor is unsuit- 
able for modern engines because it only provides a proper 
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mixture at one particular engine speed. At higher speeds 
the mixture would be too rich, and at lower engine speeds 
the mixture would be too weak, simply because the laws 
of flow for air and petrol are different. This difficulty has 
been overcome by means of mixture compensation, or 
correction as it is sometimes called. 

In the simplified form of carburettor (shown in Fig. IT) 
mixture compensation is obtained by means of the com- 


pensating jet in conjunction with the mazn jet (as used in the 
simple carburettor) and an azr-bleed. Both jets are situated 
below the normal petrol level as shown. Although the 
discharge outlet is fed from both main and compensating 
jets, the compensating jet feeds petrol first into the well 
and then into the discharge outlet. As the well is open to 
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the atmosphere it can thus act as an air-bleed. 

When the engine is running the main jet behaves in the 
same way as the jet in the simple carburettor, and the 
mixture becomes richer as the engine speed rises. To 
compensate for this, the well connected to the compen- 
sating jet is arranged to supply mainly petrol to the 
discharge outlet at low speeds (when the well is full of 
petrol), and to supply mainly air to the discharge outlet 
at high speeds (when the well is empty). Because the well 
has a direct connection to the air intake which is at 
atmospheric pressure, it is not under the influence of 
engine depression. Hence only the size of the compen- 
sating jet orifice (hole) will limit the amount of petrol 
passing through it. As the engine speed rises the amount 


of air ‘bled’ through the well into the carburettor in- 
creases and tends to dilute what would otherwise be 
too rich a mixture. Consequently the mixture strength 
adjusts itself to suit any condition of engine speed and 
loading. 

In order to provide smooth running and good acceler- 
ation most modern carburettors of the constant-choke 
type are fitted with more than the two jets described. 
A cross-section through a modern constant-choke car- 
burettor will show that a slow-running jet and a progression 
jet are fitted. A special cold-starting device (strangler) 
is incorporated for use when the engine is cold. It is 
commonly referred to as ‘the choke’. 
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GAY- "LUSSAC | 


OSEPH Louis Gay-Lussac is best known for putt ¥ 

forward the law of gaseous volumes, Probably this is : ; 
because it still bears his name, Gay-Lussac’s law. He ee | 
said. that when gases combine together their volumes 
bear a simple ratio to one another if their temperatures 
and pressures are the same. These volumes also bear a 
simple ratio to the volumes of the products if these pro- 
ducts are gases. If the products are solids or liquids then 
this does not apply. For example, 2 c.c.s of hydrogen 
will explode in 1 c.c. of oxygen to form 2 c.c.s of steam. 
These are simple volume ratios. There is no hydrogen 
or oxygen left over. When the steam condenses to form 
water, it will occupy a much smaller volume ne. This | was 
only a small part of Gay-Lussac’ s work for he had a very 
active mind and-as well as his discoveries in the field of 
physics, he made contributions to chemistry and to the 
chemical industry. 

He was born at St. Leonard,-a~ small town in the 
South of France, and atthe age of 19 he entered the 
Polytechnic School in. Paris. On leaving in 1801 he 
started work for the department of Highways and 


ONE MOLECULE Such questions led him to make two ascents by balloon 
OF OXYGEN 

GF HYDROGEN to investigate these problems. The second of these ascents 

he made alone. Together with Alexander von Humboldt 


I | he analysed a sample of air brought down from 23,000 


feet. 
2H, + Oo, ae) DMG Jointly Gay-Lussac and Humboldt discovered that 
2 molecules + | molecule ——> 2 molecules two volumes of hydrogen combine with one volume of 


2 volumes + I'volume > 2 volumes oxygen to form water. This result made Gay-Lussac 


wonder if other gases reacted in a similar fashion. In 
Bridges. His research, work started when n he was Selected 1808 he had collected enough evidence to show that this 
by Berthollet to aS ws Bis assistant it ae on was so. Gases did combine in simple volume ratios, and 
chemical works at Arh > en _ if the products were gases, they too were in simple volume 
In 1802, as a result “experiments with £8 ie ratios to the reacting gases. One c.c. of nitrogen would 
put forward the idea that all gases expand by ‘o> same combine exactly with 3 c.c.s of hydrogen to form 2 c.c.s 
i he’ same | of ammonia gas. Gay-Lussac announced his law in 1808. 

amount. This idea was put ‘forward at the same tin \ In 1809 he was appointed professor of chemistry at the 
Jacques Charles who ha d been working neat idently .. Polytechnic School in Paris where he himself had been 
of Gay-Lussac. Gaya also performed ¢ eriments on! ya student, and also professor of chemistry at the Jardin 
to find the coefficientof expansion lof gases, ’ Th t is the es Plantes. From then on his researches were largely 1 in 
volume by which one ¢ bic centimetre yould= ‘the field of chemistry. They covered a great many topics. 
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expand if its temperature. were<raisec Say ae degree © Probably his most important contribution was to in- 
centigrade. The value “he found: wa 2 $0 aa ughel © dustry. Oxides of nitrogen are used as catalysts in the 
than what is now acceptedvas the true valué. =~ = == =\— “manufacture of sulphuric acid (see page 514) by the lead 

He then turned his-atte ention Oa: tudy kat te : \ chamber process. They speed up the reaction; converting 
performed experiments_to fi Wg the: densities, of ce ain aieher ioxide to the sulphur trioxide orhich dissolves 


a A wa forming sulphuric acid. These oxides can be 
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2 Gused over and over again but at the time there was no 
Sees 8 method of recovering these oxides. The first 


time making improvements a 
Gay-Lussac wondered nov pe eeee 01 se22 23 GC ssac tower for their recovery was used in 1842, 
atmosphere changed with distance he | eek towers are still used for the same purpose 


were temperatures affected? How, d d magnets behave? today. 
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| PHYSIOLOGY | 


SIGHT 


HE eyes, in man, play a particu- 

larly important part in the body’s 
receptor system which provides the 
central nervous system with precise 
information about the surrounding 
conditions. In man the only other 
receptors sensitive to radiation are 
the heat receptors in the skin and 
in various other parts of the body 
(e.g. the mouth). Some animals, 
however, have receptors that are 
especially sensitive to long wave 
(heat) radiation. Certain snakes, for 
example, are able to establish the 
position of their warm-blooded prey 
with such accuracy (by detecting the 
infra-red radiation emitted) that they 
can obtain a kill with great precision 
in the dark. Many insects can detect 
ultraviolet radiation, which is invisi- 
ble to us. Bees are able to detect the 
plane in which light is vibrated and 
they use this as a means of direction- 
finding. 

Each human eye is a_ hollow, 
spherical organ filled with fluid. The 
pressure of this maintains the shape 
of the eye. The eye wall has three 
main layers, a tough, fibrous outer 
coat —the sclera; a layer inside this 
containing pigment and blood vessels 
—the choroid; and an inner lining - 
the retina which contains the light 
sensitive cells, the nerve fibres leading 
from the retina to form the optic 
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In daylight the pupils are small. When 
one eye is covered the pupil of the other 
widens as the result of a reflex linking up 
the two eyes. 
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A drawing of a human eye magnified about five times and partly cut away to show tts 


structure. 


nerve, and nerve cells that connect 
the receptors and the nerve fibres. 
At the front of the eye the three 
layers are modified. The sclera, which 
is visible as the white of the eye, 
is transparent and forms the cornea, 
whose outer surface is covered by a 
thin, transparent protective layer — 
the conjunctiva. The latter is a con- 
tinuation of the eyelid lining. The 
choroid is modified to form the zris 
— the visible blue or brown pigmented 
part of the eye — which in its centre 


inate 
PHP RAANANS 


(Right) In dim light the pupil is wide open to admit as much light as possible. (Left) In 
bright light the pupil narrows to cut down the amount of light falling on the retina. 
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has an aperture, the pupil. The 
swollen outer part of the iris is the 
ciliary body which contains muscle 
fibres whose action changes the shape 
of the lens. This is a transparent 
crystalline structure which is suspen- 
ded from the ciliary body by the 
suspensory ligament. The retina ends 
just behind the attachment of the 
suspensory ligament. 

The iris and the lens divide the eye 
into’ anterior and posterior chambers. 
The front chamber, between the lens 
and the cornea, contains a watery 
fluid, the aqueous humour, and the hind 
chamber contains the thicker, more 
jelly-like vitreous humour. 

Each eye is protected within its 
bony cavity or orbit in the front of 
the skull. The eyelids close together 
quickly when the eyeball is touched 
or when an object is moved rapidly 
close to it. By blinking every few 
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A section through the human retina shown 
schematically and greatly enlarged. Also, 
drawings of a rod and a cone cell. 
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A diagram showing the distribution of rods 
(white) and cones (dark) in the retina. 


706 


seconds the eyelids bring down liquid 
from the tear glands. This action 
keeps the cornea moist, nourishes it 
and also washes away grit and dust. 
The eye is moved in its orbit by the 
action of six eye muscles. Those of 
each eye are co-ordinated, so normally 
both eyes are moved in the same 
direction. 

Light enters the hind chamber of 
the eye after passing through the 
cornea, the pupil.and the lens. The 
cornea forms an important part of the 
focusing mechanism, bending the light 
far more than the lens does. The 
latter produces a sharp image of the 
object on the retina. 

The iris is equivalent to the dia- 
phragm of a camera. It has two sets 
of muscle fibres, one arranged radially 
(in a similar manner to the spokes 
of a bicycle wheel) and the other in 
a circle in the inner part of the 
iris. The radial fibres contract in 
dim light enlarging the pupil and 
thus allowing as much of the avail- 
able light as possible to enter the 
eye. Contraction of the circular fibres 
(the radial fibres relax at the same 
time) reduces the size of the pupil 
and cuts down the amount of light 
that enters the eye—as in bright 
conditions (in daylight the pupil is 
much smaller than it is at dusk). 

The shape of the lens can be 
changed so that the images of either 
near or distant objects can be 
focused clearly on the retina. The lens 
consists of a ‘plastic’ arrangement of 
fibres surrounded by a thin capsule. 
The fibres of the suspensory liga- 
ment are inserted in this. If the 
tension on the ligament is altered 
the shape of the lens changes. When 
the eye is relaxed or looking at a 
distant object, the elastic force of 
the sclera pulls on the suspensory 
ligament and stretches the lens cap- 
sule, causing the lens to flatten and 
become thinner. When the eye is 
doing close work, the ciliary muscles 
contract. The pull of the sclera is 
resisted and the tension on the sus- 
pensory ligament is relaxed, thus 
allowing the lens to become fatter 
(the defects of the eye are discussed 
on pages 287-288). 

The structure of the retina is ex- 
tremely complicated. The light sensi- 


tive cells have their tips touching 
the pigment layer. Their bases con- 
nect up to ganglion cells which have 
connections with nerve fibres. There 
are also many cells with horizontal 
processes that connect up distinct 
receptor cells. The nerve fibres run 
over the inner surface of the retina 
and join up to form the optic nerve. 
Light entering the eye therefore has 
to pass through the retinal nerve 
cells before it can stimulate the recep- 
tors. The retina is said to be inverted. 

Where the optic nerve leaves the 
eye there are no light sensitive cells. 
Light falling on this region is not 
perceived. Consequently it is known 
as the blind spot. 

The light sensitive cells are of two 
kinds, called rods and cones. Most of 
the cones are concentrated in a small 
round depression, a short distance 
to the side of the blind spot. This is 
called the yellow spot or fovea centralis. 
The fovea is yellow because the cells 
of the retina at this point contain a 
yellow pigment. It is the region where 
the light is principally focused and 
only the part of an image which falls 
upon the fovea is seen sharply. This is 
because the cones are very small and 
set close together. They are sensi- 
tive to colour. The whole of the rest 
of the retina contains rods, sensitive 
to weak light but not showing colour. 
For this reason we see no colours by 
moonlight (an article on colour 
vision will follow). It is of interest 
that many nocturnal animals have 
few cones in their retina and some 
(e.g. bats) have an all-rod retina. 

The sensitivity to light depends 
upon the pigment visual purple in 
the ends of the receptor cells. When 
light falls on the retina visual purple 
undergoes chemical change. It is 
thought that its breakdown into 
other compounds stimulates the rods 
and so signals pass from them by 
way of the ganglion cells to fibres of 
the optic nerve and hence to the 
brain. The latter interprets these 
signals as light. In the dark the 
chemical change is reversed and 
visual purple is reconstituted. Pre- 
sumably a similar chemical change 
stimulates the cones, though no sub- 
stance has positively been shown to 
undergo such a change. 


PROPERTIES OF MATTER 


Wiscosity 


HICH is the odd one out - 

honey, golden syrup, water, 
oil or glycerine? The answer is ob- 
viously water. It pours easily and is 
not thick and sticky like the others. 
The thick liquids. which are so slow 
to pour are much more viscous. A 
syrupy solution of sugar in water 
is much more viscous than the pure 
water itself. 

This viscosity is due to internal 
friction within the liquid. Whenever 
a liquid flows along a pipe the layer 
of liquid in contact with the pipe 
remains more or less stationary and 
the next layer flows over it. Through- 
out the pipe one layer is flowing over 
another. If a rough block of wood 
is pulled across a polished table it 
resists the attempt to move it and 
can be felt ‘biting’ into the table. 
If the table is rough there are even 
stronger forces opposing motion. 
These are the forces of friction. 
The frictional forces are much weaker 
in liquids. Nevertheless they are 
present in all liquids and force is 
needed to overcome them. 


=-much less viscous than 
liquids, but even so there are fric- 
tional forces acting within them. 
Like liquids some gases are more 
viscous than others. For example, 
oxygen is more than twice as viscous 
as hydrogen. 

On a cold day, olive oil is very 
‘thick’ and slow to pour. It has a high 
viscosity. As it is warmed it becomes 
more runny. Its viscosity decreases. 
This is true of all liquids. With 
temperature rise their viscosity de- 
creases. If a liquid is too cold to 
pour properly, warming it will solve 
the problem. Exactly the reverse is 


true of gases. They become more 
viscous as the temperature rises. 

A ball bearing falls very slowly 
through a jar of thick oil. It would 
fall the same distance in air much 
more quickly. Thick oil is very much 
more viscous than air so the frictional 
forces of the ball bearing ‘rubbing 
against the oil are much greater, 
causing it to fall much more slowly. 
At first the ball bearing gathers 
speed, accelerating through the oil 
until the frictional forces just balance 
the weight. At this point the maxi- 
mum velocity is reached. This is 
known as the terminal velocity. The 


ball bearing continues its fall at this 
steady terminal velocity and there is ~~ 


no further acceleration. The more 
viscous the liquid the more slowly the 
ball bearing will fall through it. 

Because air has a much lower vis- 
cosity, the falling object is travelling 
at a much faster speed when it stops 
accelerating: 7.e. the terminal velo- 
city in air is much higher than that 
in oil. 

This does not contradict the state- 


hd ch more viscous than water. (Right) the ball bearing falls through 
dil much more slowly than it does through water. 


ment that the acceleration due to 
gravity is 32 ft/sec./sec. Objects falling 
in a vacuum do accelerate at a rate 
of 32 ft/sec./sec. But in air, air resis- 
tance opposes the fall of the object. 
Heavy objects will have to fall very 
large distances before reaching their 
terminal velocities. In most cases 
they will hit the ground long before 
they acquire a steady speed, and their 
acceleration at the end of their fall 
will be practically the same as at the 
beginning. 

The higher the velocity, the greater 
is the frictional force. This is why 
streamlining is so important for fast 


STREAMLINED FAST CAR 


Heating 
lumps 
making them 
‘runny enough to be ae 


softens 


moving vehicles, but not so important 
for the slower ones. Each raindrop 
accelerates and then falls with its 
steady terminal velocity. Not all the 
drops of rain are travelling at the 
same speed for the terminal velocity 
depends upon the weight of the rain- 
drop. Frictional forces will balance 
the weight of small raindrops more 
quickly than large ones. Large rain- 
drops fall more quickly than small 
ones. The smallest raindrop may have 
a velocity of only about 1 cm/sec. 
Larger ones travel hundreds of times 
as fast. 

Sizes of very small particles can be 
found by allowing them to fall through 
liquids of known viscosity (the mathe- 
matics dealing with this is quite 
complicated). Where particles of a 
particular size are needed this pro- 
vides a method of separating them 
from particles of other sizes. 


Large raindrops fall more quickly than small 
ones which quickly reach a steady low speed 
when ther small ; 
weight is balanced 
by ‘friction’ with the 
air. 

Viscous forces are 
very large at high 
speeds but quite small 
at low speeds. 
Streamlining 1s im- 
portant for very fast 
vehicles. 


D 
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SOUND waves are disturbances 

which travel through air at 
about 760 miles an hour. The dis- 
turbance is passed from molecule to 
molecule, and as it travels the mole- 
cules move in waves, to and fro. The 
actual movement of the air is very 
small indeed — only a millionth of an 
inch for a very loud sound. If the air 
moves to and fro a certain number of 
times each second, the human brain 
may recognize it as a noise of a 
particular frequency, or pitch. But the 
human ear is not built to detect 
waves which vibrate less than about 
20 times per second (i.e. have a 
frequency of less than 20 cycles per 


second) or more than about 20,000 
times a second. Waves whose fre- 
quencies are greater than this are 
called ultrasonic. 


A taut piece of elastic vibrates if . 


it is struck, and the disturbance 
created by the vibration forms sound 
waves in the air around. The fre- 
quency of the note depends on the 
thickness, length and tautness of the 
elastic, and it will probably be in 
the audible region. Ultrasonic waves, 
however, cannot conveniently be 
made by this method. The vibrating 
part is instead a piece of crystal — 
quartz or Rochelle Salt, or specially 
made ceramic crystals, such as bar- 


ium titanate. These crystals can vi- 
brate only at certain, very precisely 
defined frequencies, which depend 
on the size and shape of the crystal, 
and the way it is held and forced to 
vibrate. If the crystal is struck it will 
vibrate, but these vibrations soon 
die down. The special property of 
these crystals, which are called piezo- 
electric, is that they can be made to 
vibrate, to and fro, by giving them 
a to-and-fro electrical impulse. An 
electric current can be made to 
alternate, to and fro, fairly easily 
with an oscillator. The crystal is 
sandwiched between two metal plates, 
and the alternating electric current 


) Connected to the plates. Provided the 
» electric current is alternating at one 


of the frequencies allowed by the 
Stal, the crystal will vibrate and 


© fontinue to vibrate. 


Piezo-electric crystals happen to 


fF vibrate at ultrasonic frequencies, 
ranging from about 20,000 cycles per 


second to several million cycles per 
econd. They can make strong ultra- 
Onic waves, and concentrate the 
ergy of the wave into a very narrow 


pbeam. These properties lead to their 
Muse in echo-sounding (see page 641). 


A vibrating crystal (called a ¢rans- 
ducer) sends a narrow beam of ultra- 


my sonic waves from the surface to the 


~l & depths of the ocean, and this beam is 


geflected by the ocean bed, or by any- 
g else, for example a shoal of 
or a submarine, which happens to 
= in between. The time the beam 
takes to return (2.e. the returning 
am is the ‘echo’) is a measure of 
e depth of the fish, or the ocean 


An ultrasonic plant for cleaning cutlery. 
This equipment can clean knives and forks 
in 20 seconds. 


bed. Ordinary sound waves would 
soon be scattered in travelling through 
the water. 

Ultrasonic waves are now being 
used in a useful form of echo-sounding 
on a smaller scale. The waves can be 
made to pass through solid substances, 
but the way in which they travel 
naturally depends on the nature of the 
substance. If there are ‘breaks’ in 
the solid, or boundaries between one 
solid and another, these will show up 
on the ultrasonic ‘trace’, as more 
waves are reflected from one part than 
another. Aluminium castings for use 
in aeroplanes, for instance, must have 
no structural defects, since these 
would tend to extend and give way 
when the fuselage is under pressure. 
So every inch is tested ultrasonically. 
Stray ‘echoes’ picked up by the tester 
may mean a break in the structure of 
the metal. 

In some kinds of ultrasonic testing, 
the vibration of the crystal is coupled 
to the solid under test by a thin 
layer of oil. The crystal makes the 
oil vibrate and the oil in turn 
makes the solid vibrate. The whole of 
the solid can be tested if it is com- 
pletely immersed in a liquid bath. A 
beam of ultrasonic waves directed at 
the solid is rather like a beam of X- 
rays. It can pass through some parts 
of the solid more easily than others, 
to give an ultrasonic ‘picture’ of 
the solid. Unlike X-rays, ultrasonic 
waves have no harmful effect on most 
kinds of living tissues, and ultra- 
sonic ‘photographs’ may replace X- 
rays as a means of diagnosing ill- 
nesses. The patient must, however, 
sit in-a bath while he is being ‘soun- 
ded’ so that the crystal vibrations can 
be transferred to his body. 

Normally the only way we can ‘feel’ 


sound waves is by the delicate de- 
tecting mechanism in the ear. This 
is because the actual disturbance of 
the air is very small indeed. As the 
air moves slightly to and fro, its 
pressure increases and decreases (the 
to-and-fro | movements alternately 
compress and rarefy the air), and it is 
the slight pressure changes which the 
ear detects. Similarly if the ear is 
immersed in water, it can hear the 
pressure changes caused by a sound 
wave in the water. Although the 
molecules of air or water move only 
about a millionth of an inch, they 
move far farther than the molecules 
of a vibrating solid. The difference 
between the movement of different 
kinds of molecules under the same 
pressure wave is the basis of ultrasonic 
cleaning. 

In washing-up or laundering the 
water needs to be agitated. This creates 
pressure waves in the liquid, and if 
the water is agitated violently enough, 
the waves can reach all parts of the 
washing. The pressure changes help 
to remove the dirt from the washing. 
But these pressure changes need to be 
fairly violent to be effective, and 
they may damage delicate fabrics. 
The cleaning action is better and 
gentler if the waves are ultrasonic. A 
pressure wave in a liquid acts on any 
solid like a succession of sucks and 
blows. At the ‘suck’ liquid molecules 
move away from the solid. But solid 
molecules, since they are bound to the 
solid, cannot follow. So a tiny ‘bubble’ 
of vacuum is made on the surface of 
the solid. Any dirt on its surface is 
pulled off to try to fill the vacuum, 
and the dirt is shot away as the bubble 
‘bursts’. Ultrasonic cleaning is used 
in industry to clean delicate compo- 
nents, such as the parts of a watch, or 
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An aluminium aircraft forging being 
‘echo-sounded’ with an ultrasonic hand- 
probe. 
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The path of the ultrasonic waves through 
the metal. They will ‘echo’ back from 
any flaw. 
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The ‘trace’ the operator sees on the 
cathode-ray tube. 


to speed up cleaning of more robust 
objects. It can clean completely and 
thoroughly in about 20 seconds. 

The cleaning action is ‘safe’ only 
if the substance can withstand the 
‘sucking’ of the tiny bubbles. Ultra- 
sonic waves have been found to kill 
small living organisms such as algae 
or bacteria, by puncturing the walls 
of their cells. This method is in fact 
being used by chemists as a means of 
breaking down large molecules into 
smaller ones. 
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TECHNOLOGY 


THE: PEFROL SUPPLY 


HE petrol tank on a motor car is nearly always 
mounted at the rear. This arrangement reduces the 
risk of fire (since the bulk of the petrol supply is kept away 
from the hot engine) and helps to prevent petrol fumes 
from entering the passenger compartment. The tank is 
mounted at the rear under the boot and it usually has to be 
below the level of the carburettor so that petrol has to 
be pumped up to the carburettor in order to maintain a 
constant supply. The pump is fitted between the tank 
and the carburettor as shown in the diagram (Fig. I) 
and is connected to them by means of copper or polythene 
tubing. The connection to the carburettor needs to be 
especially flexible to allow for vibration of the engine. 
The petrol pump has to raise the fuel from the low 
level tank and deliver it to the float chamber of the 
carburettor (see page 702). It may be either a mechanical 
pump or an électri¢ pump. 


The Mechanical Pump 

A mechanically operated petrol pump is usually moun- 
ted on the side of the crankcase and is worked by means of 
an eccentric (an egg-shaped wheel) on the rotating camshaft. 
Such a pump is illustrated in Fig. II. When the eccentric 
turns it lifts the rocker arm and this pulls the flexible 
diaphragm downwards against the diaphragm return spring. 
When the diaphragm bulges downwards it increases the 
volume of the pumping chamber and lowers the pressure 
in the pumping chamber. Consequently the pressure of 
the atmosphere acting on the surface of the petrol in 
the petrol tank (there is an air vent in the filler cap) 
forces petrol into the pumping chamber via the petrol 
filter and the spring-loaded inlet valve. 

As the eccentric turns further it no longer lifts the 
rocker arm. The return spring is then able to force the 
diaphragm upward so that the pressure it exerts on the 
petrol in the pumping chamber opens the spring-loaded 
outlet valve. Petrol flows through the port of the outlet 
valve and through the pipeline to the float chamber of 
the carburettor. 
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Fig II: a mechanically 
operated petrol pump 


PETROL 
FILTER 


OUTLET 
VALVE . 


The needle valve in the carburettor float chamber is 
held firmly closed when the petrol in the float chamber 
reaches a certain level, and what is in effect a solid block 
of fuel fills the pipeline and pumping chamber. The 
pressure thus produced holds the diaphragm down 
against the return spring. The rocker arm will ‘idle’ up 
and down without moving the diaphragm until the 
pressure is released by the opening of the needle valve, 
i.e. when the carburettor requires a further supply of 
petrol. 

The drain hole incorporated in the body of the pump 
provides an escape route for any petrol which manages 
to leak past the diaphragm, and which would otherwise 
get into the engine sump. 


FILLER 
CAP 


The Electric Pump 

Electrically operated pumps are 
not mounted on the engine but are 
either fitted at the rear, close to the 
petrol tank, or fitted under the bonnet. 
If the petrol pump were fitted too 
close to the engine there would be a 
risk of vapour lock, where, because of 
the heat from the engine, petrol 


of current to the electromagnet and 
the armature is no longer attracted 
to it. The return spring pushes the 
armature and diaphragm back, forc- 
ing petrol past the delivery (outlet) 
valve into the float chamber of the 
carburettor. Of course this can occur 
only if the needle valve in the float 
chamber is open, 7.¢. when the 


Fig III: an electrically operated petrol pump. 


vaporizes in the pump or pipelines and 
the pump ceases to operate. 

The electric pump (illustrated in 
Fig. III) has a flexible diaphragm 
similar to that of the mechanical 
pump. In fact both types of pumps 
work on almost identical principles. 
The spring-loaded diaphragm in this 
case is fitted with a soft iron disc 
known as an armature so that it can be 
operated electrically by means of an 
electromagnet. The contact points, in 
conjunction with the ‘flick-over’ me- 
chanism, act as an automatic switch 
in controlling the current supplied 
to the electromagnet from the storage 
battery. 

When the contact points are closed 
(7.e. together) current passes round 
the windings of the electromagnet, 
energizing it so that it attracts the 
armature. The diaphragm is drawn 
forward with the armature, thus ex- 
panding the pumping chamber and 
creating a partial vacuum. Petrol is 
sucked into the pumping chamber 
through the filter and inlet valve. 
A bronze rod moving with the arma- 
ture triggers off the flick-over mech- 
anism which separates the contact 
points when the diaphragm is fully 
distended. This cuts off the supply 


CONTACT 
ARM 


RESISTANCE 
COIL 


CONTA! 
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carburettor is in need of more petrol. 
At the end of the diaphragm’s deliv- 
ery stroke the flick-over mechanism 
operates to close the contacts so that 
the whole process begins again. 
Electrically operated pumps should 
be mounted horizontally (7.e. with 
the diaphragm vertical) whereas me- 
chanically operated pumps should be 
mounted vertically (i.e. with the 
diaphragm horizontal) so that the 


valves will seat properly and any 
leakage of petrol will pass through the 
drain hole. 


The Petrol Gauge 

The petrol gauge (illustrated in 
Fig. IV gives an indication of the 
amount of petrol in the tank. It is 
electrically operated and consists of 
two main parts:—the tank unit and 
the meter graduated from empty to 
full. 

The tank unit consists of a hollow 
float which rises and falls with the 
varying level of petrol. The float 
is fixed to a hinged .arm and its up- 
and-down movement causes a contact 
arm to slide along a resistance coil (2.e. 
a coil of bare wire). As the contact 
slides along the coil it short circuits 
more and more turns so that the 
electrical resistance which the coil 
offers to currents flowing through it 
becomes less and less. Consequently 
the current (supplied by the storage 
battery) passing through the coil 
becomes bigger and bigger as the 
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Fig IV: a petrol gauge of the variable resistance type. 


float rises and moves the contact arm. 

The meter on the dash is also in- 
cluded in the circuit. It is essentially 
an ammeter and it measures the cur- 
rent passing through the resistance 
coil. Instead of being calibrated in 
amps as an ordinary ammeter, its 
dial is marked off directly in gallons 
or (more usually) it is marked off 
simply with symbols representing 
FULL, HALF-FULL and so on. 
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| PFCTORIAL SUMMARY 


A PICTORIAL SUMMARY OF 


REACTIONS 
IN GHEMISTRY 


Chemical reaction 


BURNING 
MAGNES! 


Chemical reactions are changes in which some new compound is 
formed. If there is no new compound, then the change is not 
chemical but physical. For example when ice melts to form water, 
both the water and the ice are chemically the same. This is a 
physical change. When magnesium is heated it bursts into flame. 
White clouds of the newly formed compound, magnesium oxide, 
come off and more white oxide is left behind as an ash. This is a 
chemical change. 


Replacement reactions 


Whenever someone is replaced.in a team, another person takes 
his place and the original person moves out. This describes the 
behaviour of atoms in a replacement reaction. An atom (or 
group of atoms) takes the place of another atom (or group of 
atoms) in a compound. 


COPPER FERROUS 
SULPHATE SULPHATE 
COPPER 


(4) + @ 


BEPOSITED Fe + CuSO, = FeSO, + Cu 


The iron blade of the penknife is 
dipped into the blue solution of 
copper sulphate. The iron takes 
the place of the copper in the 
copper sulphate, and the dis- 
SSteuate placed copper is deposited on the 
blade of the knife as a pink layer. 


Combination or addition reactions 

Of the many types of chemical reaction, the combination (or 
addition) reaction is the simplest. The reacting substances 
(either elements or compounds) combine, adding together to 
form a new chemical compound. There are no by-products of 
such a reagtion. Only the new compound is foqmed. 


SULPHUR 
. _ 4 


IRON AND SULPHUR 
BEING HEATED — 
TOGETHER 


THE MIXTURE GLOWS AS 
THE REACTION TAKES PLACE 


Fe + S — FeS 


IRON FILINGS 
IRON SULPHUR IRON SULPHIDE 


@+20 —@e 


When sulphur and powdered iron are heated in the correct 
proportions, i.e. so that there is one atom of sulphur present 


for every atom of iron, the new compound, iron sulphide, forms. 


A great deal of extra heat is given off by the reaction, making 
the inside of the tube glow. The iron sulphide formed is un- 
affected by a magnet, showing there is no iron left. 


S+0,—>SO, 


Sulphur burns in air with a pale blue 

flame to form the gas, sulphur dioxide. 
In this reaction, every atom of sulphur 
combines with a molecule of oxygen 

from the air. 


SULPHUR OXYGEN _ SULPHUR DIOXIDE 
Ld : 
ects —%? 

Such reactions are not confined to 

inorganic chemistry. Many organic 

compounds undergo addition re- 

actions. Aldehydesand some ketones 

(page 322) when they are poured 

into larger quantities of saturated 

ALDEHYDE (as concentrated as possible) sodium 

bisulphite solution form crystals of 

pe pel a bisulphite addition compound. 
BISULPHITE 
SOLUTION 


ADDITION 
COMPOUND ~ 


eemioatie + 
ZH 


He: -H_ 
CH.C—O + NaHSO,>CH,.C-OH 


ADDITION 
COMPOUND 


SODIUM 
BISULPHITE 


Thermal decomposition 


This simply means the splitting of a 
compound by the action of heat 


MERCURY 


RED OXIDE 
OF MERCURY 


HYDROGEN 
PEROXIDE 


GLOWING SPLINTER 


RELIGHTS IN PRESENCE 


OF OXYGEN 


OXYGEN 
MERCURY 


9 + 3 
2 HgO —2Hg + O, 


Heat splits up the red oxide of mercury 
into its elements. Small grey beads of 
mercury condense on the cool sides of 
the test tube. The colourless oxygen 
gas given off relights a glowing wooden 
splinter after the flame has been blown 
out. 


M RIC 


OXIDE ——> 


oe oe OXYGEN 


~ 
HYDROGEN WATER 4 
- i 


PEROXIDE 
e 


oe 


~ 


— 


2H,O, -2H,O + O, 


When peroxide (hydrogen peroxide) is 
heated, bubbles of gas rise to the sur- 
face. These are bubbles of oxygen. The 
peroxide has been split into oxygen and 
water. 


M 


POTA U 
CHLORATE 
AND 


MANGANESE A 
DIOXIDE — i 


POTASSIUM 
CHLORATE 


- OXYGE 
— 
POTASSIUM 
CHLORIDE ®% 


2KCIO, > 2KCI + 30, 


On heating, potassium chlorate decom- 
poses into potassium chloride and 
oxygen. Some manganese dioxide is 
mixed with the potassium chlorate as 


Dehydration 


Dehydration is a chemical reaction in which a substance is 
decomposed and water is one of the products. The molecule 
may be completely disrupted or it may just have loosely bound 
water driven off. 


CONCENTRATED 
SULPHURIC 
ACID 


C,, H,,0,, > 12 + I1H,O 


Concentrated sulphuric acid is 
greedy for water to make it dilute. 
It can get this water by dehy- 
drating other compounds. It will 
remove hydrogen and oxygen 
from sugar to make water, leaving 
behind a frothy mass of black 
carbon. 


SUGAR 
BECOMES 
FROTHY 
MASS OF 
CARBON 


. STEAM 


BLUE COPPER SULPHATE 
CRYSTALS 


a 


When blue crystals of copper 
sulphate are heated, steam come 
off as they lose their water 
crystallisation becoming a shape 
less white powder as the crystal- 
line structure is destroyed. 


RYSTALS TURN 
WHITE BECOMING 
ANHYDROUS COPPER 
SULPHATE 


COPPER SULPHATE CRYSTAL ANHYDROUS COPPER SULPHATE , 


CuSO _.5H,O-»CuSO.+ 5H.O 


a catalyst to speed up the reaction. 


Combustion 


Combustion is another word for burning. Any substance that 
can be set on fire by heating is combustible. Oxygen (which 
forms part of the air) is essential for combustion as the burning 
substance combines with oxygen to form the oxide. Heat is 
given out by this reaction. 


Rapid combustion. In a car cylinder, 
petrol vapour and air react ex- 
plosively when ignited by a spark. 


Slow combustion. The rusting of 
iron is an example of slow com- 
bustion. As the heat of reaction is 
given out over such a long period 
of time, a piece of rusty iron does 
not feel hot. 


4Fe + 30, —2Fe,O, 


OXYGEN 


oe een 


FERRIC OXIDE 


PSF 


This bonfire burns at a rate 
intermediate between slow 
and rapid. This is ordinary 
combustion. 
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Oxidation and reduction 


Oxidation is a chemical reaction in which 
a substance gains oxygen. In burning, the 
oxygen is gained from the air but in 
other oxidation reactions it is gained at 
the expense of another chemical com- 
pound known as an oxidizing agent. The 
oxidizing agent is itself reduced, i.e. it 
loses oxygen. 

These were the original definitions of 
oxidation and reduction, but now they 
have been extended to include reactions 
where oxygen is not involved. When- 
ever a ferrous salt (valency 2) is 
converted to its higher valency state of 
3 to become a ferric salt, it is oxidized. 
Here electrons are lost. If the reverse 
takes place and a salt of lower valency 
is formed, then a reduction has taken 
place. Electrons ,are gained by the 
reduced compound.’ 


v 


BURNING 
YELLOW 
PHOSPHORUS 


4P + 50, > 2P,0, 
Yellow phosphorus is oxidized to phos- 
phorus pentoxide by the oxygen in the 
air. OXYGEN 


@ 
us 
we 


PHOSPHORUS * 
PENTOXIDE 


co...” €:. = 266 


Red hot carbon reduces carbon dioxide 
to carbon monoxide. In doing so, the 
carbon gains oxygen and is oxidized to 
carbon monoxide. 


: ea 
@ + @-— @2 
CARBON 


CARBON CARBON 
DIOXIDE MONOXIDE 


FERRIC 
U AT! 


FeSO, — Fe,(SO)), 
Exposure to the air gradually oxidizes 
the green solution of ferrous sulphate 
(valency of ferrous iron 2) to brown 


@ sulphate (valency of ferric iron 3). 
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Double decomposition 


The Browns are dancing together; so are the Smiths. In the next dance, Mr. Brown dances 
with Mrs. Smith and Mr. Smith dances with Mrs. Brown. They have changed partners, 
behaving very similarly to two compounds undergoing double decomposition. This is a 
chemical reaction in which two metallic radicles exchange their acid radicle partners. 

Double decomposition is often used to prepare an insoluble salt from solutions of two 
soluble salts. On mixing, the metallic radicle exchanges its acid radicle partner and the 


insoluble salt is precipitated. 


SILVER 
NITRATE 
SOLUTION 


POTASSIUM CHLORIDE WHITE PRECIPITATE 
SOLUTION OF SILVER CHLORIDE 


SILVER >... 

@2 Arn \\ 4 
\@7 

POTASSIUM S 


CHLORIDE 


LEAD 
NITRATE 
SOLUTION \ 


Ho 


i 


SODIUM 
CHROMATE CHROME 
SOLUTION YELLOW 


LEAD NITRATE 


SODIUM 
CHROMATE 


K Cl AgNO,>AgCl+KNO, 


When solutions of potassium chloride 
and silver nitrate are mixed, white 
precipitate of silver chloride forms, 
floating in a solution of potassium 
nitrate. The potassium and silver have 
exchanged chloride and nitrate acid 


radicles. POTASSIUM 
NITRATE 


SILVER CHLORIDE 


Pb(NO.,), + Na,CroO, > 
PbCrO,, + 2NaNO, 


The pigment chrome yellow can be 
made by double decomposition. When 
solutions of lead nitrate and sodium 
chromate are mixed chrome yellow 
(lead chromate) is precipitated. 


LEAD CHROMATE 

(CHROME YELLOW) 
SODIUM 
NITRATE 


Neutralization 


Neutralization is a reaction between any acid and any base to form a salt and water. 

This is a special form of double decomposition. The two compounds change 
partners. The hydrogen of the acid joins with the oxide or hydroxyl (—OH) group of 
the base to form water. The salt is formed from the other radicles. 


i COMMON 
SALT 
ALKALI 
CAUSTIC “LITMUS 


NaOH + H Cl—NaCi+ H,O 


base -+ acid — salt + water 


The alkali, caustic soda, will neutralize 
hydrochloric acid. The two are mixed in 
the correct proportions so that the 
Sao L solution is neutral (neither acid nor 
sincere eal ff basic). This is shown by the purple 
ACID ROCHLORIC colour of the litmus test paper. Evapora- 

BY ALKALI tion of the water leaves ordinary 
common salt. 


+ @ Ge * @ 


HYDROCHLORIC SODIUM 
ACID CHLORIDE 


CAUSTIC SODA 


COPPER 


OXIDE 


H,SO, + CuO —CuSO, + H,O 


acid + base— salt -+ water 


COPPER 


EXCESS 
COPPER ; : 
OXIDE The base, black copper oxide, neutralizes 


dilute sulphuric acid to form the blue 
salt, copper sulphate, and water. 


é 


COPPER 
OXIDE 


SULPHURIC ACID COPPER SULPHATE 


Hydrolysis 

Hydrolysis occurs when double decomposition takes place between a salt and water. This 
is the reverse of neutralization where a salt and water are the end products. For example, 
water hydrolyses the unstable salt, aluminium chloride, to give an acidic solution. The 
hydroxyl group of water and the chloride of aluminium chloride change places to form 
aluminium hydroxide and the acid, hydrochloric acid. 


AICI 3H_O 


. 3 
aluminium 4. 


Al(OH), 3HCI 


2 a es 
3 molecules ame aluminium +- 3 molecules of 


Electrolysis 


Electrolysis occurs when chemical com- 
pounds are decomposed by the passage 
of an electric current. 

Compounds can be classified in 
two groups—electrolytes and  non- 
electrolytes. An electrolyte will conduct 
an electric current and in doing so will 
be split up by that current. Salts are 
electrolytes, whether in solution or in 
the molten state. 

Substances such as sugar and paraffin 
(both are organic carbon-containing 
compounds) are incapable of conducting 
electric currents, nor are they decom- 
posed by them. These are non-electro- 
lytes. 


Electrolysis of molten sodium 
chloride 


CHLORINE LEAVES 
VESSEL 


SODIUM CHLORIDE 
INLET 


SODIUM 
COLLECTS 
AT 


Molten, dry sodium chloride, common 
salt, is split up into the elements 
sodium and chlorine by passing an 
electric current through it. Sodium 
collects at the cathode and chlorine gas 
bubbles off at the anode. This reaction 
takes place in the Downs cell in which 
sodium and chlorine are produced on a 
commercial scale by electrolysing mol- 
ten sodium chloride. 


chloride of water hydroxide hydrochloric acid — + 
ee o@ 
7 ri “a av ® 
ALUMINIU ALUMINIUM 
CHLORIDE Ca@ HYDROXIDE 
WATER ~ i 
HYDROCHLORIC — PURE 
ACID COPPER 
DEPOSITED 
ON 
As in all hydrolyses, this reaction is never completed. Not all the aluminium chloride TATBORE 


becomes aluminium hydroxide, for the reaction is reversible. A state of equilibrium is 
reached where there is a certain amount of aluminium chloride, water, aluminium hydrox- 
ide and hydrochloric acid. As fast as the aluminium chloride reacts with water, the work 
is undone by the reverse reaction taking place. It is a bit like trying to move some things 
to the opposite side of the room while someone working at the same speed carries them 
back again. The reverse arrows in the equation show that the reaction is taking place in 
both directions. 


Electrolysis is used for purifying copper. 
The pure copper is deposited on the 
cathode; impurities are not. 
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CES 


In the Bristol Box Kite the angle of 
incidence of the aerofoils was 5°. 


AERO 


F a sheet of cardboard is held 

across the airstream produced by 
an electric fan, the board tends to 
be pushed away. But if the board is 
placed end-on (horizontally) in the 
airstream there is very little ten- 
dency for it to be moved along with 
the air. If the board is then tilted 
slightly so that its leading edge is 
a little higher than the trailing edge, 
the cardboard is felt to rise. 

The effect produced on the card- 
board by the flow of air from the fan is 
very similar to the behaviour of the 
wings or aerofoils (as they are more 
frequently known) of an aircraft when 
it is moving forward at speed. The 
shape and size of the aerofoils and 
also their inclination to the horizon- 
tal must be carefully designed since 
these factors directly affect the ‘lift’ 
which is needed to keep the aircraft 
in the air. 

Before examining the more intricate 
shapes of the aerofoils incorporated 
both in the comparatively slow air- 
craft of years ago and the faster 
modern ones, it is desirable to under- 
stand the behaviour of the cardboard 
in the airstream of the electric fan. 
When the card was horizontal, there 
was very little friction between the 
air and the board. What little there 
was resulted from ‘head-on drag’ at the 
leading edge, and a small resisting 
force along the flat surface. The 
air flowed smoothly over its surfaces. 

However, when the card was tilted 
slightly, it experienced some uplift 
as a result of air pressure building 
up on its underside. In addition, 
the frictional force or drag along 
the flat surfaces of the card was 
increased as a direct consequence of 


The angle of incidence of the aerofoils of 
the Avro 504K was 4°. 


FOILS 


tilting the card. The lft and the 
induced drag, as the extra frictional 
forces are known, are directly related 
to each other and remain constant 
provided that the angle of incidence 
of the air on the card and the veloc- 
ity of air relative to the card remain 
steady. Any change in the angle of 
incidence, as when the aircraft climbs 
or dives, or in the air speed, will 
result in a variation in lift and drag. 


The pressure which was experienced 
by the card when it was placed across 
the airstream was due not only to the 
force of the air on the face of the 
card —the frontal drag—but also to 
the suction resulting from the dis- 
placed air trying to occupy the space 
behind the card. 

The aerofoils serve to keep the air- 
craft in the air, so that the pres- 
sure acting on the underside of the 
aerofoils (7.¢. the lift) must be suffi- 
cient to overcome both the force of 


A _ ee 
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The de Havilland D.H.9A had aerofoils 
with an angle of incidence of 3°. 


gravity and the pressure of the air 
pushing down from above. The de- 
signer aims to create a partial vacuum 
on the top of the wings since this will 
increase the effective lift. 

This effect is achieved by having 
the upper surface of the aerofoil 
curved while the underside is almost 
flat. Thus when the aircraft travels 
forward the leading edge of the aero- 
foil divides the air—part goes over 
the top while the remainder passes 
underneath. In order that the two 
airstreams are at the same pressure 
and moving at the same speed when 
they reach its trailing edge, the air 
which passes over the longer curved 
surface above the aerofoil moves 
at a greater speed than that which 
passes underneath. As a consequence 
a high velocity and low pressure region 
is created on the upper surface of 
the aerofoils. It is this which give 
the aircraft much of its lift. 

The movement of the aerofoil 
through the air is slowed down by the 
frictional resistance of the air. There 
are three separate factors which con- 
tribute to the total drag. First there 
is the drag caused by the pressure 
of the air acting on the leading edge 
of the aerofoil. Secondly there is the 
skin friction in the boundany layer or thin 
envelope of comparatively still air 
which surrounds the aerofoil. This 
air moves at a much slower speed 
than the air farther away from the 
surface of the aerofoil and the inter- 


—— SE 


2$° was the angle of incidence of the 
aerofoils of the Hawker Hurricane I. 


Jet-engined aircraft like this North 
American Vigilante fly at much higher 
speeds and sufficient lift 1s provided in 
level flight with the wings horizontal. 
However, there are variable flaps on the 
leading edge of the aerofoils to assist at 
take-off. 


action between the air layers causes 
this friction. This effect is compara- 
tively small provided the boundary 
layer is undisturbed. Finally there is 
the suction left behind the wing into 
which turbulent (disturbed) air flows 
in an effort to fill the gap left. 

The drag increases as the square of 
the speed—the drag at 600 m.p.h. 
is four times as much as that at 300 
m.p.h. For this reason the shape and 
thickness of aerofoils for high speed 
aircraft differ from those suited 
to lower speeds. The necessary lift 
for the latter may be obtained by 


An aerofoil only works satisfactorily over a limited range of speeds. The extra lift needed 
at take-off and when landing is provided by adjustable flaps attached to the trailing edge 
of the aerofoil. — 


In the Hawker Tempest 5 the angle of 
incidence of the aerofoils was 14°. 


using thick wing sections and an 
angle of incidence of 3° or 4°. How- 
ever, the drag at higher speeds is 
such that aerofoils have to be much 
thinner. Also, the angle of incidence 
is reduced and in some of the fastest 
aircraft is zero. 

The basic aerofoil design for an 
aircraft will only serve over a limited 
range of air speeds. If the speed of 
the aircraft falls below the lower 
limit, as when it comes in to land, 
the aircraft ceases to be airborne 
(stalls) because the lift at the reduced 
speed is insufficient to keep the air- 
craft in flight. This can be overcome 
by providing extra lift with variable 
angle flaps attached to the trailing 
edge of the wings. The aircraft will 
also become unstable in flight if it 
goes too fast. The air flow over the 
upper surface of the wings becomes 
turbulent and the air speed is thereby 
reduced until the air flow again 
becomes smooth. 
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| ELECTRONICS | 


How the pulse to be examined is itself used to trigger off the thyratron valve 
in the timebase and hence to start the spot of light sweeping across the screen. 


ANODE 


VOLTAGE BETWEEN 
ANODE AND CATHODE 


CONTROL 
GRID 


It was mentioned in the article on the 
timebase that a thyraton valve will not 
conduct electricity until the voltage 
between its anode and cathode reaches 
some particular value (whereupon the 
gas in the thyratron becomes ionized). 
This value 1s changed if the grid voltage 
is changed as shown in the graph. If the 
grid voltage is given by A then, following 
the dotted lines, the graph tells us that 
the thyratron will conduct when the 
voltage between its ends is given by B. 
If the voltage on the grid is made 
larger, corresponding to C, say, then a 
larger voltage D can be applied between 
the plates before the thyratron will 
conduct. 

This property of the thyratron can be 


VOLTAGE ON THE GRID 


THE VOLTAGE ON 
GRID Is 


SYNCHRONIZATION 
CONTROL 


used to make the moment when it con- 
ducts (which governs the repetition rate) 
coincide with the moment when the 
pulse to be displayed is at its most 
positive, simply by leading a small 
amount of the pulse directly to the grid. 
The thyratron will then always conduct 
when the pulse is most positive so the 
moment of flyback (which occurs when 
the thyratron conducts) will now always 
come at the same time as the maximum 
of the pulse. It ts still necessary to vary 
the frequency of the timebase since, uf 
the repetition rate of the timebase is very 
different from the frequency of the pulse, 
the effect of the grid will not be big 
enough to make the repetition rate and 
the pulse frequency synchronize. 


Synchronizing the 


OSCILLOSCOPE 


ig has been explained on page 684 

how a timebase can make the spot 
on the screen of a cathode-ray tube 
trace out the picture of a pulse which 
arrives at the Y plates. The timebase 
does this by making the spot sweep 
across the screen while the pulse 
moves the spot up and down. Since 
the two movements take place at the 
same time the spot traces out a 
picture. In order to see just one com- 
plete cycle of the wave on the screen 
the spot must fly back every time a 
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cycle is completed. This means that 
the frequency of the pulse from the 
time base must be exactly the same as 
the frequency of the pulse on the Y 
plates. Hence, if the oscilloscope needs 
to be used with pulses of more than 
one frequency (as is almost always the 
case) then the rate at which the capa- 
citor in the timebase charges up, 
discharges and then begins to charge 
up again (called the repetition rate) 
must be adjustable. 

One way of altering this rate is to 


fil so ae 


To see different parts of the 
series of pulses. 

When examining a sine wave dis- 
played on the oscilloscope screen it does 
not much matter which parts of the 
pulse are visible as long as a complete 
pulse appears on the screen. It can 
appear as on A or on B and yet there is 
no mistaking what curve it ts. 


vary the amount of current getting to 
the capacitor. If the current is in- 
creased the capacitor will charge up 
more quickly to reach the voltage at 
which the thyratron valve will dis- 
charge it. Hence the repetition rate 
is increased. The current supplied 
to the capacitor is increased by 
allowing more current through the 
pentode valve (not to be confused with 
the thyratron). This can be done by 
making the voltage on its grid less 
negative, simply by sliding the contact 
on the resistor connected to the grid 
upwards (i.e. upwards on the circuit 
diagram, but in practice this means 
turning a knob like the volume control 
on a radio set). Similarly, to reduce 
the repetition rate, the grid must be 


The full circuit diagram for a syn- 
chronized thyratron timebase which 


Cc 


However, in the case of a more com- 
plicated curve (e.g. the one above which 
comes from a half-wave rectifier des- 
cribed on page 366) it may be better to 
select different parts of the wave. For 
example, the picture C would arise 


made more negative by sliding the 
contact on the resistor downwards. 
There is a limit, however, to the 
amount of current which can be passed 
through the valve without damaging 
it. Hence the frequency cannot be 
altered greatly by varying the grid 
voltage. 

Fortunately another thing which 
does control the rate of charging of 
the capacitor (and, so, the repetition 
rate) is the size of the capacitor itself. 
Hence the repetition rate can be 
varied by changing the capacitor. 
This is done by arranging a number 
of capacitors, ranging from very 
small to quite large ones, in the cir- 
cuit as shown. Then, by the move- 
ment of a switch, any one of the 


can produce a wide range of repetition 
rates. 


e 
C) 


from the type of synchronisation so far 
described, but different parts of the wave 
may be selected (such as D and E). 
The picture can be ‘shifted’ across 
the screen by making the tumebase cause 
the flyback to occur at a different part of 


capacitors can be brought into the 
circuit. Using this method the repe- 
tition rate cannot be varied smoothly 
but only by fixed amounts. For this 
reason both methods are used in 
oscilloscopes. This allows the repeti- 
tion rate to be varied gradually over 
a very wide range. 


We need not look at just one pulse 
with the oscilloscope. If we make the 
repetition rate of the timebase half as 
fast as that needed to display one pulse, 
then two pulses can get to the Y plates 
between each flyback and so two pulses 
are seen on the screen (diagram F). If we 
make the repetition rate twice as fast 
then only half a pulse will get to the 
plates before the beam flies back. Then 
Sor the first half of the wave a ‘hump’ ts 
traced out by the spot on the screen while 
for the second half there is no pulse at 
the Y plates so the spot will move 
horizontally across the screen. Then in 
the next half wave a hump appears 


ele ate 


HALF WAVE RECTIFIED WAVEFORM 


the pulse. This can be done very easily 
by arranging a resistor with a sliding 
contact connected to the grid of the 
thyratron as shown in the small circuit 
diagram. If the contact on the resistor is 
raised then the effect of the pulse on the 
grid is greater; now the pulse does not 
have to rise to its maximum before the 
thyratron will conduct. By moving the 
contact on the resistor up and down, the 
part of the pulse which makes the 
thyratron conduct can be varied, hence 
any section of the pulse can be shown on 
the screen. 


Having a picture of the pulse in- 
stead of a vertical line is not the 
only advantage to be gained from 
using a timebase; if the repetition rate 
is made smaller then just a part of the 
wave will be spread across the whole 
screen. This allows any part of the 
wave to be examined in more detail. 


DIAGRAM G 


followed by another line and so on. In 
practice the line and the hump will both 
appear so frequently that our eyes will 
only see the ‘D turned on its side’ shape 
(shown in diagram G) which is made 
up of both parts. 

By varying the timebase any numbe 
of pulses can be shown on the screen. 
However, the pulse cannot be spread out 
by an unlimited amount since this 
would require that the repetition rate 
should be made very very fast. In fact, 
in the timebase shown, the thyratron 
limits the repetition rate to less than 
20,000 pulses per second. 
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| FAMOUS SCIENTISTS | 


BATTLE is in progress. Pompilus, the little female dig- 

ger wasp, fights a large spider in his den. The wasp tries 
to pull the spider out. She cannot, and flies away. Again 
the wasp returns. No success. The process is repeated over 
and over again. At last the wasp manages to pull the 
spider from his lair. The spider rolls into a tight ball, 
but the wasp stings him, paralysing him. Then, sur- 
prisingly, the wasp pushes him back into his hole and lays 
an egg on his body. The spider will provide food for the 
grub when it hatches. And the wasp flies away, with no 
idea that her every movement has been observed and 
noted by an elderly man in a battered felt hat — a French- 
man called Henri Fabre. 

Jean Henri Casimir Fabre, the naturalist, was born at 
St. Leons in France in 1823. After training in the college 
at Avignon he took up a teaching post at a school at 
Carpentras. After a short spell in Corsica in the Mediter- 
ranean Sea he returned to Avignon. There he pioneered 


the teaching of science to girls, an activity then rather 


Fabre studies the behaviour of ants in their natural surroundings, 


using a magnifying glass to make them and their tiny world as 


large and clear as our own. 


frowned upon by the authorities. In 1870 Fabre retired 
to Serignan in the Rhone valley where he devoted the later 
years of his life to the study of natural history. He died 
in 1915. 

Fabre was an enthusiastic student of the insect world 
throughout his long life. Amongst the creatures he 
observed closely were ants, the cockchafer, the praying 
mantis, the peacock moth, spiders and bees. He published 
the results of his labours in his Souvenirs Entomologiques 
(Studies in Entomology — the study of insects). 

He was able to show that many of the activities of in- 
sects, though they appear to be reasoned ones, are in 
fact carried on automatically. 

Though he lived much of his life in comparative 
poverty, Fabre became greatly honoured in his time. He 
was awarded the Legion d’Honneur, a great distinction, by 
the French Government. 


Seeing in 
depth 
and colour 


N many animals the eyes are in the 

side of the head. Each eye has a 
distinct field of view, and vision is 
said to be monocular. But others (birds 
such as owls, and primates, for ex- 
ample) have binocular vision. The eyes 
are in the front of the head and their 
fields of view overlap. The brain in- 
terprets the two slightly different sets 
of signals that it receives from the 
eyes as one composite picture. The 
erve fibres from the right half of 
h retina pass to the right side of 
grain. Those from the left halves 
. the left side of the brain. 
bly fibres from correspond- 
each retina pass to the 
the brain. The stimula- 


the front for bi b 


vision. 


_-. VISUAL_ CENTRES 
; OF BRAIN ¥ 


* 


FIBRES OF 
RIGHT HALF 
OF RETINA 


NERVE 


FIBRES OF LEFT 
HALF OF RETINA 


A diagram showing the visual pathways from the retina 


of each eye to the visual centres in the brain. 


each retina results in a single sensa- 
tion. Thus the combination of the two 
retinal images produces a single pic- 
ture. When we ‘look cross-eyed’ at 
something the images of an object do 
not fall on corresponding parts of 
each retina. We thus see everything 
in duplicate. 

It is possible to judge distance when 
using only one eye, but it can easily 
be shown that the use of two eyes 
together increases the speed and ac- 
curacy of this operation if a pencil is 
held vertically in one hand at arm’s 
length. After closing one eye attempts 

e<tiade~“ to ing the tip .of the 

quickly from the side 
body to the tip of the pencil. 
the experiment is then repeated 
with both eyes open it can be seen 
how much greater is the precision 
with which the tip of the pencil can 
be located. The eyes of man lie about 
an inch and a half to two inches apart 
so that a pencil tip (or any other 
object for that matter) is seen from 
two slightly different angles. This 
enables the position of an object to 
be judged with accuracy. 

Many animals with their eyes 
placed at the sides of the head 
judge distance by continually moving 
the head from side to side so that 
an object is viewed first with one eye 
and then with the other. A hen, for 
example, does this when pecking in 
the grass for grit or edible food 
material. 

Because in man each eye has a 
slightly different field of view we can 


judge the depth of an object (stereo- 
scopic vision). If you look at a cream 
jug, for example, partly from above, 
closing first one eye and then the other, 
you will notice that each eye ‘sees’ 
the object differently. The right eye 
perceives more of the right side of 
the jug and less of the left side and 
the left eye more of the left side and 
less of the right side (see illustration). 


Colour vision 
Many animals can see in colour. 
These include many insects, some 


A hen moves tts 
head from side 
to side using 
each eye in turn 
and 1s able to 
judge distance 
accurately. 


fishes, reptiles such as tortoises and 
lizards, birds and, amongst mammals, 
the primates, including man. In con- 
sidering the use of colour patterns as 
camouflage or for warning others it 
must be taken into account whether 
these have colour vision or not. Two 
distinct colours may appear the same 
shade of grey to an animal that sees 
in black and white. 
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The rods of the retina are more 
sensitive than the cones. They thus 
respond to lower light intensities and 
are used in dim light (see page 705). 
The cones, because of their relatively 
low sensitivity, are better suited 
for vision in bright light. If a col- 
oured object is moved slowly across 
a person’s field of view when he is 
looking straight ahead it is recognised 
vaguely as an object at first. As it comes 
into his direct line of vision its colour 
becomes recognizable and it becomes 
more distinct. Since the periphery 
(outer part) of the retina contains 
rods only, the experiment suggests 
“that the rods are achromatic (that is, 
they are concerned with colourless 
vision) for when the object is at the 
edge of the field of view it is focused 
on the periphery. As it is moved 
nearer the direct line of vision so 
the image falls on more and more 
cones. This suggests that the cones 
are chromatic, t.e. they perceive colour. 
The cones are used little at night— 
they are not sensitive to low light 
intensities. In very dim light we see 
no colour. Objects are seen as shades 
of grey. This is further evidence 
that the cones are the colour re- 
ceptors. 

Little is known about how the light- 
sensitive cells are able to discrimi- 
nate between light of different wave- 
lengths even when their intensities 
are such that they would appear the 
same shade of grey to an animal lack- 
ing colour vision. 

Most colours can be obtained by 
mixing lights of three primary col- 
ours, blue, green and red (see pages 
520-21). For this reason Thomas 
Young (1772-1829) put forward a 
theory that there are three types of 
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At night (left) 
colour using the cones. 


light-sensitive cells—each being most 
sensitive to one of the three primary 
colours. This theory was expanded by 
Hermann Helmholtz (1821-1894) and 
became known as the Young-Helm- 
holtz theory. 

Other workers, noting that more 
exact matching of colours can be 
obtained by mixing four or more 
colours, proposed that there are more 
than three types of receptors. As many 
as seven are suggested by some autho- 
rities to be present in most vertebrate 
retinas. Granit, in Sweden, has per- 
formed experiments on animals that 
suggest that besides the receptors that 
are sensitive to narrow bands of the 
spectrum there are others that have 
a broad response. That is, they are 
stimulated by most parts of the spec- 
trum. Thus if we look at a red object, 
those receptors that are most sensitive 
to red are the ones most strongly 
stimulated. A white object stimulates 
all the receptors and so we see it as 
white. 

Recently Rushton, working at 
Cambridge, has shown strong evi- 
dence for the existence of colour-sen- 


EYES RIGHT EYE 


Each eye has a slightly different field of view. The differences in the two images enable 


us to perceive the depth of an object. 
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we see in greys and silver mainly using the rods. In daylight we see in 


sitive pigments in the fovea of man. 
Almost certainly two have been iden- 
tified, one sensitive to green light, the 
other to orange-red light. A blue- 
sensitive pigment has not been identi- 


fied. 


Colour blindness 

Few people are completely colour 
blind—that is unable to see anything 
in colour. Usually such people possess 


An object focused on the 
edge of the retina is 
blurred and colourless. 
As it 1s moved nearer 
the direct line of vision 
it becomes more distinct 
and coloured. 


dim light vision only and appear to 
depend entirely on the rods. The cones 
are either absent or do not function. 
Others have dichromatic or two- 
colour vision. That is, they may be 
unable to see either reds or blues or 
greens. Most common is red/green 
blindness where red is confused with 
green. 

Various tests are used to examine 
for colour blindness. In one, the subject 
has to look at successive pages of a book 
on which numbers printed in dots of 
various shades of one colour are on a 
background of dots of another colour. 
The numbers are visible to someone 
with normal vision but a colour-blind 
person cannot see them. 


| CARTOGRAPHY 


HE greatest difficulty that map makers, or carto- 

graphers, have to face is the absolute impossibility of 
drawing the curved surface of the Earth accurately on a 
flat piece of paper. Some distortion is bound to take place, 
and although it may be too little to matter when very 
short distances are involved (the curvature of the Earth 
being very slight over small areas) it becomes very notice- 
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able over large areas. It is rather like trying to flatten out 
the complete skin of an orange. No matter what cuts are 
made there will always be a hump somewhere. As a last 
resort the skin can, of course, be squashed flat, but this 
means that it will be distorted. The fact that spherical 
surfaces cannot be turned into flat surfaces works the 
other way round too. It is quite impossible to stick a piece 
of paper a few inches square on a globe without it wrink- 
ling. 

The best that cartographers can do is to minimise the 
distortion or control it in such a way that the map is 
accurate in some respects though not in others. Maps 
can be constructed in such a way that directions and 
shapes are represented correctly, although relative areas 
are not. These are termed orthomorphic or conformal. In 
other maps the relative areas are correct, though shapes 
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may be very distorted. These are termed equal area or 
homolographic. Then, there are the ‘good all-rounders’, 
maps which though neither orthomorphic nor homolo- 
graphic are not far wrong in any respect. 

The basis of every map are the lines of latitude (parallels) 
and longitude (meridians) which form an imaginary net- 
work over the surface of the Earth. When transferred onto 
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Zenithal Projections 


Azimuthal or zenithal projections are those in which the 
surface of the Earth is supposed to be projected onto a flat piece 
of paper the centre of which touches the globe. If a piece of 
paper is placed horizontally above the wire globe so that its 
centre touches the North Pole the shadows of the lines of 
latitude cast upon it will take the form of concentric rings while 
the lines of longitude will be straight lines radiating from the 
centre. But the spacing of lines of latitude depends upon the 
position of the light. If it is in the centre of the globe the distance 
between consecutive lines of latitude will rapidly increase away 
from the Pole and the distortion of the land masses superimposed 
upon such a graticule will increase likewise. This is called a 
gnomonic projection. The stereographic projection is one in which 
the light is placed at the opposite point of the globe to the 
centre of the paper, in this case the South Pole. The exaggeration 
away from the Pole is now considerably reduced. Yet a third 
position for the light is infinity. This causes the lines of latitude 
to be squashed away from the Pole instead of exaggerated and is 
called an orthographic projection. It stands to reason that some- 
where between the stereographic and orthographic positions 
there is a point at which the light may be placed to produce 
minimum distortion. This is called a minimum error projection. 
Naturally, the map need not be centred on the North or South 
Pole. It may be centred on the equator (equatorial) or on any 
other point on the globe (oblique). One property of all azimuthal 
projections is that angular directions are accurate from the centre 
of the map (hence the name). 

The zenithal projections are frequently modified for a particular 
purpose. The lines of latitude can, for instance, be drawn at 
the correct distance from the centre (zenithal equidistant pro- 
jection), or they can be adjusted so that the area they enclose is 
proportional to the area they enclose on the globe. The latter 
projection (zenithal equal area projection) is widely used. Both 
of these projections are termed non-perspective because they 
could not be obtained in the true manner of projection. 


paper, these form a grid or graticule upon which the land 
masses can be superimposed in their correct position. 
To understand how the surface of the Earth can be 
projected onto a flat piece of paper, imagine a hollow globe 
made of wires representing lines of latitude and longitude, 
with a piece of paper resting upon it. If a light is placed 
within the globe, the shadows of the wires (i.e. of the 
parallels and meridians) will be cast upon the paper. In 
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other words, a graticule will appear 
upon it. The form the parallels and 
meridians will take depends upon the 
position of the light and the shape of 
the paper (it may be flat or it could 
be curled into a cone or a cylinder 
around the globe). Thus there are 
many different types of projections. 
One of the major factors in choos- 
ing a projection is the purpose of the 
map. Navigation, for instance, obvi- 
ously requires an orthomorphic map, 
while the comparison of population 
density is difficult unless the map is 
homolographic. But there are other 
factors to be considered. Some pro- 
jections, for instance, are best suited 
to equatorial areas, others to regions 
in high latitudes. Then there are some 
which are very accurate over small 
areas but useless over large areas, and 
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Cylindrical Projections 


In cylindrical projections the paper can be imagined to be wrapped around the globe in 
the shape of the cylinder and the lines of latitude and longitude projected on it by a light at 
the centre. The paper is then unrolled and the map superimposed upon the graticule. But 
the simple cylindrical projection is of little value for the scale is progressively exaggerated 
away from the equator in all directions. Beyond latitude 60° the exaggeration is tremendous. 

The simple cylindrical projection can, however, be modified in several ways. Instead of the 
focus of projection being the centre of the globe the lines of latitude and longitude can be 
projected onto the paper at right angles to the axis (a line joining the North and South 
Poles) (see diagram). This is a cylindrical equal area projection and looks quite different from 
the simple cylindrical projection. The scale is exaggerated in an east-west direction pro- 
gressively away from the equator (because the lines of latitude all have the same length 
whereas, in reality, the girth of the Earth decreases towards the poles). But this is 
compensated by the fact that the north-south scale progressively diminishes away from the 
equator. This type of projection produces some queer shapes in high latitudes where the 
continents are not only stretched in an east-west direction but squashed in a north-south 
direction into the bargain. 

Perhaps the best known cylindrical projection, though by no means the most suitable, is 
Mercator’s projection. Here the lines of latitude are all drawn at the same length with the 
inevitable result of east-west stretching in high latitudes. But their distance apart is adjusted 
so that the scale along the meridians (lines of longitude) at any point is equal to the scale 
along the parallels (lines of latitude). In other words, the east-west stretching is 
accompanied by a corresponding north-south stretching. Thus the shapes of continents 
superimposed upon this graticule are true as are directions. This makes it valuable for 
navigational purposes. But for general use the unsuitability of this map can be seen by com- 
paring Alaska and India. The former looks much larger than the latter, yet in reality India 
is twice the size of Alaska. 

Ona normal Mercator projection the shortest east-west distance between two points is 
a curve everywhere except along the equator (this being the only line of latitude which 
corresponds to a great circle). But if the paper cylinder is twisted around the globe until the 
line of contact between the two touches, say, Moscow and New York, the resulting projec- 
tion will show the parallels as curved lines and the shortest distance between those two 
cities will be a straight line. To make the shortest distance between two other points a 
straight line, the paper cylinder must be twisted round again until the two points lie on the 
line of contact between the paper and the globe. To be able to draw a Great Circle route 
between two points as a straight line is naturally of great value in air and marine navigation. 
This is a transverse Mercator projection. 

Another modification is Gall’s stereographic projection. In this case the cylinder of paper 
instead of touching at the equator is 7 ace to cut through the globe half-way between 
the equator and the poles (i.e. it is sunk into the surface). The graticule is then projected 
onto it stereographically. The exaggeration in high latitudes is less than in Mercator’s 
projection and the scale is true along two parallels (45° North and South). But there is an 
added distortion, for the part of the graticule that is ‘inside’ the globe is squashed. 


others which, though not accurate 
enough to be used for small areas, 
are suitable for a world map. 
Azimuthal or zenithal projections are 
those in which the surface of the 
Earth is supposed to be projected on- 
to a flat piece of paper the centre of 
which touches the globe. If a piece 
of paper is placed horizontally above 
the wire globe so that its centre 


touches the North Pole, the shadows 
of the parallels cast upon it will take 
the form of concentric rings while the 
meridians will appear as straight lines 
radiating from the centre. But the 
spacing of the parallels depends upon 
the position of the light. It may be 
at the centre of the globe, at the 
opposite side of the globe to the paper 
or at the theoretical position of 
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Conical Projections 


In conical projections the paper can be supposed to rest on the 
lobe in the form of a cone Gotten with its apex above the North 

_ Pole). The graticule is then projected onto the paper from the 
centre of the globe. When the cone is opened out the meridians 
converge towards the Pole while the parallels take the form of 
distances are only accurate 
globe and this line of 
south of this 
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infinity. Naturally, the map need not be centred on the 
North or South Pole. The piece of paper may touch at the 


equator (equatorial projection) or at any other point on the 
globe (oblique projection). 

In cylindrical projections the paper can be imagined to be 
wrapped around the globe in the shape of a cylinder 
and the parallels and meridians projected on it by a light 
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at the centre. The paper is then unrolled and a map 
superimposed upon the graticule. When the cylinder 
makes contact with the globe along the equator, the 
parallels and meridians appear upon it as straight lines 
cutting each other at right angles. 

Thirdly, there are the conic projections where the paper 
rests upon the globe as a cone (usually with its apex above 
one of the poles). When the cone is opened out the meri- 
dians appear to converge towards the pole while the paral- 
lels take the form of arcs of concentric circles. 

Each of these three basic projections can be modified in 
a number of ways in order to lessen or control the distor- 
tion. The zenithal equal area projection, for instance, is a 
modification of the simple zenithal projection for the pur- 
pose suggested by its name: the area enclosed by the 
parallels on the map is proportional to the area they 
enclose on the globe. Two well-known modifications of 
the simple cylindrical projection are the Mercator and 
Gall projections, while the conic projection is rarely used 
in its simple form. 

Lastly, there are certain projections which deserve to 
be treated as a separate group, for the graticule is con- 
structed according to a definite plan without any pretence 
of ‘projecting’ the surface of the Earth onto a flat piece of 
paper. In fact they are not really ‘projections’ at all in the 
strict sense of the word. This group includes not only 
entirely arbitrary graticules but also projections which 
have been so modified from the simple perspective form that 
they no longer qualify for a place under their original 
heading. An example of the first type is the popular 
Mollweide projection, and an example of the second type, 
Bonne’s projection (this basically belongs to the conic 
group). These are all classed as conventional projections. 
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BONNE’S PROJECTION. THE BLACK LINE INDICATES 
THE STANDARD PARALLEL AT 40°N. 


Bonne’s Projection 


One standard parallel is drawn as in the simple conic projection. 
The remaining parallels are then drawn in as arcs of concentric 
circles, true to scale, and their correct distance apart. The parallels 
are divided equally along their length for the spacing of the 
meridians which take the form of smooth curves. This is an equal 
area projection which is widely used. 


SANSON-FLAMSTEED'S 90°N. 
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THE WORLD ON SANSON- 
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90°S, 


Globular Projection 


This is an extremely arbitrary graticule which is very easy to con- 
struct. A circle is drawn to represent one hemisphere. The 
equatorial diameter is then divided into equal parts for the spac- 
ing of the meridians and the vertical diameter is similarly divided 
for the spacing of parallels. The next step is to divide the circum- 
ference of the circle into degrees (0-90° on each quadrant or 
quarter circle). All that remains is to draw in the meridians and 
parallels as arcs of circles passing through and linking the 
appropriate points. This projection is sometimes used for maps of 
the world in hemispheres. 
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Mollweide’s Projection 


The equator is drawn twice as long as the central meridian and 
each bisects the other at right angles. The next step is to draw 
an ellipse with its major axis as the equator and its minor axis 
as the central meridian. The other parallels are then inserted, their 
distance apart being deduced by a complicated mathematical 
calculation Se fact, the distance of each from the equator is 
given in tables). Each parallel is divided equally throughout its 
length and the remaining meridians drawn in as ellipses passing 
through the appropriate points. It naturally follows that the 90° 
East and West meridians together form a circle which is equivalent 
to one hemisphere. 

Once again this is an equal area projection, but the representa- 
tion of shape is better preserved than in the Sanson-Flamsteed 
projection (though there is still considerable distortion where the 
intersection of the lines of latitude and longitude is oblique). 
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Deflecting 


N a cathode ray tube, a beam of 
electrons is passed along the tube 
to hit the screen. Here it produces a 
bright spot, visible from the outside. 
After the beam has been accelerated 
and focused, it passes between two 
pairs of metal plates whose purpose 
is to deflect the beam and thus alter 
the position of the spot on the screen. 
The plates deflect the beam if they 
become charged. When one of a pair 
of plates becomes positive the other 
becomes equally negative. Then the 


the Beam 


electrons (which are, of course, nega- 
tively charged) in the beam are at- 
tracted towards the positive plate. At 
the same time they are repelled from 
the negative plate. So the direction of 
the beam changes. 

The plates become charged when a 
voltage is applied to them. If the volt- 
age is steady then the spot will remain 
in one position on the screen cor- 
responding to that particular voltage. 
If the voltage on the plates changes 
(and in most uses of the cathode ray 
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One of the X-plates (the right-hand plate in the diagram) is connected to the timebase 
circuit, the other is connected to Earth. The output of the timebase circuit is a series of 
voltage pulses referred to as a ‘saw-tooth’ voltage. At the lowest point on the sawtooth the 
voltage pulse is negative and so the right-hand X-plate acquires a negative charge. (The 
earthed left-hand plate acquires an equal positive charge.) Hence at this instant the electron 
beam is deflected to the left of its normal position and the spot of light appears on the left- 
hand side of the screen. 

As the timebase voltage rises up the ‘sawtooth’ the deflection becomes less since the 
charges on the plates become smaller and smaller; the spot moves from left to right until at 
zero voltage it is in the centre of the screen. The right-hand plate then becomes increasingly 
positively charged and the spot continues to move to the right. At the crest of the ‘saw- 
tooth’ the voltage flies back to its original negative value and the spot follows it by flying 
back to the left-hand side of the screen to start sweeping across again. 
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tube it does) then the spot will move 
in time with the changes in voltage. 
By using a time-base, as explained 
on the left, the cathode ray tube will 
produce steady pictures on the screen 
of regular changes in the voltage 
applied to its plates. 


To move the spot from one 
position to another on the 
screen of the cathode ray tube 
the voltages of the plates must 
be changed from one particular 
value to another, making one 
plate become more (or less) 
negative and the other become 
more (or less) positive. This can 
be achieved by passing current 
through two resistors con- 
nected as shown. The sliding 
contacts on the resistors are 
arranged so that both contacts 
move up and down the resistors 
together. As the contacts are 
moved down, the plates be- 
come charged less and less and 
their effect on the beam will 
decrease, thus allowing it to 
move back to its undeflected 
position straight down the 
centre of the tube. This happens 
when both contacts are in the 
centre and the spot will then 
appear in the centre of the 
screen. Moving the contacts 
further down will make the 
right-hand plate increasingly 
positive, and move the spot 
across to the right-hand side of 
the screen. When the contacts 
are stationary the spot is also 
stationary, so by using this 
arrangement the spot can be 
brought to rest at any point 
across the screen. A similar 
arrangement is used to shift 
the spot up and down the 
screen. 


DYNAMICS 


HELICOPTERS 


ANY birds and insects are able 
to hover by beating their wings 
rapidly backwards and forwards. The 
conventional aeroplane cannot, of 
course, move its wings. Lift is pro- 
duced by the flow of air over the 
specially-shaped aerofoil wings (see 
page 716). Before there can be lift, 
there must be a flow of air, and so 
the conventional aeroplane can stay 
in the air only when it is moving for- 
wards. The faster the aeroplane 
moves, the greater the flow of air over 
the wings and the greater the lifting 
effect. Helicopters, on the other hand, 
lift themselves without moving for- 
wards. They can move up and down, 
fly forwards, backwards and _ side- 
ways, and they can hover in mid-air. 
Leonardo da Vinci sketched a heli- 
copter designsometime around 1500. It 
was essentially a horizontal propeller, 
powered by a spring mechanism. The 
vertically-mounted propeller on an 
ordinary aeroplane is shaped so that 
it pushes air backwards as it rotates. 
This backward push produces an 
equal pull, or reaction, in the opposite 
direction (this is in fact Newton’s 
Third Law of Motion—Action and Re- 
action are equal and opposite). The 
action of the propeller pushing the air 
backwards causes a reaction pushing 
the propeller forwards. Since Leo- 
nardo’s propeller was mounted ver- 
tically, it would push the air down- 
wards and react by tending to pull 
itself upwards. 


It is not known whether ian 
actually made and flew the helicopter 


he designed. His drawings and ideas rd 


were lost until the 18th century. At 
that time the first toy helicopters 
came to Europe from China. Their 
propeller blades or rotors were made of 
feathers, and the toy was powered by 
a twisted cord. 

So the basic principle of helicopter 
operation was known and, once a 
suitable means of powering the rotat- 
ing blades had been developed, it 
seemed to be a fairly simple step to 
make an actual hovering machine. 
The rotors were almost flat, light 
blades, and could be made to slope so 
that as they rotated they ‘bit’ the 
air and pushed it down. The angle at 
which they slope is called the pitch, 
and the greater the pitch, the more 
air the blades push down, and the 
greater the upward thrust. Similarly, 
if the blades rotate more rapidly, they 
will bite more air in a given time, and 
the thrust will be larger. 

In 1907 the Breguet brothers, Louis 
and Jacques, built a helicopter which 
could rise four or five feet into the 
air, but which proved virtually im- 
possible to control. 

The trouble was that the helicopter 
was unstable. As the rotors twist round 
in one direction, the helicopter tends 
to twist in the opposite direction. This 
is yet another consequence of New- 
ton’s Third Law of Motion—a twist 
in one direction gives an equal twist 


The Bristol 173 helicopter is balanced by having two large rotors rotating in opposite 
directions. 


728 


REACTION: 
HELICOPTER 
MOVES UP 


AIR PUSHED DOWN 


A helicopter hovers or moves vertically by 
pushing atr down with tts rotor. 


in the opposite direction. Something 
must be done to stop the helicopter 
from rotating. 

If the helicopter were moving for- 
wards it could be stabilized, like an 
aeroplane, with fins and rudders. 
(These make a large air resistance to 
rotary movement). But if the heli- 
copter is hovering, fins and rudders 
are ineffective. The early helicopters 
were not built to move forwards. It 
was as much as they could do to get 
off the ground and stay airborne for 
a few minutes. 


-~~TLo make the helicopter hover pro- 


perly, it was obvious that the tendency 


_ te twist in one direction could be com- 


pensated only by making the helicop- 
ter try to twist in the opposite 
direction. The two twists would can- 
cel each other, and the helicopter 
would stay straight. The first idea 
was to have two rotors rotating in 
opposite directions (contra-rotating). 
The twist resulting from one rotor 
would be balanced by the twist re- 
sulting from the other. 


WARDS AND 
'E LESS AIR 


A helicopter moves forwards by increasing 
the pitch of the blades as they sweep 


around the back. 


REACTION: HELICOPTER 
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BLADE TAKES 
BIGGER BITE 
OF AIR 


The rotor blades flex upwards as they move 
forwards. 


Some present-day helicopters use 
two contra-rotating rotors, but the 
majority of smaller helicopters use the 
balancing method invented, in 1939, 
by Igor Sikorsky. He compensated 
the twist of the large rotor with a 
small, sideways-facing rotor mounted 
near the tail. 

The greatest asset of a helicopter is 
its manoeuvrability, the way it can 
move in any direction. The move- 
ment is in fact controlled by altering 


Leonardo da Vinci's design for a machine 
able to fly vertically. 
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REACTION: TWIST O 
HELICOPTER IN 
OPPOSITE DIRECTION 


The twist of the large rotor is compensated by a small rotor near the tail. 


the pitch of the rotors. If the heli- 
copter is hovering all the blades have 
approximately the same pitch, and 
the thrust acts equally upwards on all 
parts. To make it move forwards, 
however, the pitch of each rotating 
blade is reduced at the front of each 
sweep and then increased again at the 
back. This is called cyclic pitch con- 
trol. So as the blades come to the 
front of the helicopter they bite less 
air. There is a greater push at the 
back than at the front, and the heli- 
copter is pushed forwards. Its nose is 
pushed down slightly because the 
extra thrust at the back pulls the tail 
up. The helicopter moves backwards 
by the reverse process, the blades 
biting less at the back of each sweep 
than at the front. 

As soon as the helicopter starts to 
move forwards another instability sets 
in. It tends to roll sideways. This 
stems from the fact that blades mov- 
ing forwards are moving faster, rela- 
tive to the air, than those moving 
backwards. The more air a blade 


bites, the greater its lifting effect. 
Blades which are moving forwards 
bite more air than those moving back- 
wards (this is in addition to the chan- 
ges imposed by cyclic pitch). So since 
one side is pushed more than the other 
there is an extra force trying to push 
the helicopter sideways. It is corrected 
by spring-hingeing the blades at their 
roots. As a blade sweeps forward, it 
flexes upwards, thus reducing the 
amount of air it bites. 


A 1910 Sikorsky helicopter. Sikorsky did 
not solve the balancing problem till 1939. 
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ORGANIC CHEMISTRY 


POLYMERS 


"THE term polymer is coming into 

ey use through its associa- 
tion with various synthetic plastic 
substances, e.g. polyethylene (or poly- 
thene), polyvinyl chloride (P.V.C.) 
and polystyrene. Although the pro- 
duction of these and other man- 
made plastic sheets and fibres is a 
quite recent development, there are 
a number of naturally occurring poly- [ 
mers, such as starch, cellulose, and 
proteins. 

When originally coined, this term 
was used only to describe large mole- 
cules which were produced by a num- 
ber, often a large number, of simple 
molecules (monomers) of the same sub- 
stance joining as a result of a combina- 
tion (addition) reaction in which 
double bonds are severed. 

This is not the only way in which 
large molecules are built up. When 
some monomers combine to form a 
bigger molecule they do so by the 
rejection of water or some other 
simple substance. Such a chemical 
change is called a condensation reac- 
tion. 

Since large molecules are produced 
by both types of reaction, they are 
now all considered to be polymers. 
However, the method by which they 
are obtained is indicated in their des- 
cription—polythene is an addition 
polymer while nylon is a condensa- 
tion co-polymer. (A co-polymer is 
built up from molecules of two or 
more different monomers.) 

Although polymerization reactions 


CARBON ATOMS—BLACK 
HYDROGEN ATOMS—WHITE 
OXYGEN ATOMS—RED 


4 ~~ 


ACETALDEHYDE ACETALDEHYDE 


Combination Reaction 


| However, if an alkaline solution of 

} acetaldehyde is warmed, croton- - 
aldehyde is formed as a result of 
two acetaldehyde molecules comb- 
ining. A molecule of water is 
eliminated in the process. 
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In the manufacture of polymers traces of impurities in the monomer may result in an in- 


ferior product, or prevent polymerization altogether. This picture shows a laboratory-scale 
apparatus in which the last traces of water are removed from the monomer which is then 


polymerized. 


mainly occur in the production of 
synthetic rubber and other plastics 
substances, reactions of the same 
general type have other important 
applications. Thus the formation of 


starch and cellulose in plants takes 
place as a result of polymerization. 
Glucose sugar is formed as a result of 
photosynthesis—carbon dioxide from 
the air and water taken up by the 
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ACETALDEHYDE 


ACETALDEHYDE 


CROTONALDEHYDE 


Addition or Combination Reaction 


In the presence of dilute alkali two mole- 
cules of acetaldehyde undergo an addition 
reaction in the cold to yield one molecule 
of aldol. 
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VINYL CHLORIDE 


VINYL CHLORIDE 


CARBON ATOMS—BLACK 
CHLORINE ATOMS—GREEN 
HYDROGEN ATOMS—WHITE 


POLYVINYL 
CHLORIDE 


Additional Polymer 


Polyvinyl chloride is formed from vinyl chloride when it is heated in benzoyl chloride which 
acts as a catalyst. The monomer (vinyl chloride) contains a reactive double bond between the 
two carbon atoms. These bonds are comparatively easily broken to form the more stable 
polymer in which all the valency linkages are single bonds. 


roots of the plant react in the pre- 
sence of chlorophyll (green colouring 
matter) and sunlight. Although the 
mechanism of photosynthesis is not 
fully understood, the end products 
are glucose (C,H,,O,) and oxygen 
which is returned to the atmosphere. 
Starch or cellulose is then manufac- 
tured as required by the plant from 
the glucose by a condensation reaction: 


nCgH,,0, > (CegHi9O;)n + nH,O 
glucose starch water 


where n is a very large number 
(approx. 200 for starch). The same 
general formula (C,H,O;)n applies 


+ @, + e+ 


FORMALDEHYDE FORMALDEHYDE 


to both starch and cellulose but they 
differ from one another both in the 
number of C,H,,O; units in the mole- 
cule and in the arrangement of the 
atoms in space. 

Proteins are also built up by poly- 
merization, but here several different 
amino acids (the basic units of which 
proteins are made) are linked to- 
gether in one protein. Deduction of 
the structure of proteins is very diffi- 
cult, but it would appear that the 
various amino-acids are arranged in a 
regular sequence in the co-polymer. 


aa 


FORMALDEHYDE 


CARBON ATOMS—BLACK 
HYDROGEN ATOMS—WHITE 
NITROGEN ATOMS—BLUE 
OXYGEN ATOMS—RED 


Condensation Co-Polymer 


The co-polymer urea-formaldehyde is 
formed in alkaline solution from form- 
aldehyde and urea by the elimination of 
water. The mechanism by which the inter- 
mediate compounds are formed is rather 
complicated, and this equation only shows 
the starting materials and the end products 
—the polymer and water. 
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ENGINEERING 


The Working Properties 
of MIE TALS 


HY will some metals fold easily 
while others crack? Why will 
some stretch while others break? It 
is simply because different metals have 
different properties which the engineer 
must know about if he is to work 
them without spoiling them. The pro- 
perties of metals means the ways in 
which they behave when subjected to 
forces or pressures. Workshop pro- 
cesses (such as cutting, bending, fold- 
ing, stretching) are essentially ways of 
using forces or pressures to bring 
materials to the desired shape. 
Strength 
Strength is the measure of the 
amount of weight or load which a 
metal will carry. There are three 
main ways of loading a metal each of 
which may cause it to fail. They are 
called tension, compression and shear. 
The maximum load which a bar 
will carry varies with the area of 
its cross-section. Hence the maximum 
load carried by a bar is not in itself 
enough to explain the strength of the 
metal. The best way of measuring 
strength is to divide the load by the 
area of metal to find out what each 
unit of area will support. 
load (tons) 
cross-sectional area (sq. in.) 
=STRESS (tons per sq. in.) 


The biggest stress which a metal 
will carry before it breaks is called 
the Ultimate Strength. Mild steel, one 
of the most common metals, has an 
ultimate strength of about 25 tons per 
square inch. Alloy steels may have 
values as high as 100 tons per square 
inch. If the strength of a metal is 
known it is possible to calculate how 
much load any piece will carry. Thus 
a 75-ton railway engine could be 
supported by a bar of alloy steel— 


15 _3 
100 4 
diameter if in rod form. 

Strong metals like this are hard to 
work. They take more force and 
energy and need heavy machines to 
do the bending and forming. Cutting 
tools absorb more power and do not 
last as long as when cutting weaker 
metals. Thus strong metals are ex- 
pensive and cost more to work. 
Ductility 

If a metal is pulled it behaves just 
like a piece of elastic, except that the 
stretch is very small. This allows metal 
to be made into springs (a spring re- 
turns to the same position no matter 
how often it is used). This elasticity 
can be very troublesome in workshop 
operations because the metal cannot 
easily be bent into a new shape. Some- 


sq. in. area or roughly 1 in. 
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PULL 


ORIGINAL LENGTH 3 ~~ ELONGATION —»> 
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elongation X 100 


Percentage elongation =——~— 
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times the metal is softened by heating, 
then bent, and = afterwards heat- 
treated to regain its springiness. 

But if a metal is stretched too far 
it becomes plastic and will extend per- 
manently like putty. A metal bar 
stretched by a small stress will regain 
its original shape when the stress is 
removed. But if the stress exceeds a 
certain value (called the Yield Stress) 
the bar will be permanently deformed. 
If the stress is increased further, the 
bar continues to stretch until (at the 
Ultimate Stress) it breaks. 

Metals which stretch a lot when 
pulled are said to be ductile. By 
stretching a bar in a testing machine 
the elongation over a given length 
(called the gauge length) can be 
found. The percentage elongation of 
mild steel is 15 to 20%, of soft brass 
30%, and of pure aluminium 40%. 
Most of the elongation takes place be- 
tween the Yield Stress and the Ulti- 
mate Stress. Some metals stretch a lot, 
they have high ductility, and can be 
easily deformed by metal working 
processes, especially if they have a low 
tensile strength (resistance to stretch- 
ing forces). This allows thin -cases, 
such as car headlamp reflectors, to be 
formed (see diagram) from a flat sheet, 
sometimes with a single blow of the 
punch. This is, of course, much quicker 
and cheaper than forming by hand. 

Wire is made by pulling a bar of 
ductile metal through a highly pol- 
ished hole in a hard metal die which 
squeezes it into a smaller diameter— 
the smaller the diameter, the greater 
the length. Copper, which is very duc- 
tile, can be easily drawn into wire as 
thin as a hair. Even hollow tubes, 
almost as fine as hairs, can be made 
by this method. Steel bar can also be 
drawn, but only with difficulty and a 
little at a time because it is less duc- 
tile than copper. Even in this opera- 
tion the strength of the metal is 
important, for if too great a reduction 
in diameter is attempted the bar will 
break. 


Thin metal headlamp reflectors 
are stamped from flat sheets. 


Drawn bar or wire has a smooth, 
accurate finish because it is polished 
by contact with the hard die. It is 
usually round and quite free from 
surface defects. It is therefore called 
bright drawn bar and is an important 
form of material because it can be 
used for many purposes without any 
further machining. When drawing or 
otherwise deforming a metal when it 
is cold, the crystal structure of the 
metal is distorted, causing the metal 
to stiffen. Consequently any bright 
metal bar or sheet (which is often 
cold-rolled) may be difficult to bend 
without cracking. If necessary, metal 
can be annealed (1.e. heated and then 
cooled very slowly) to soften it with- 
out losing its finish or accuracy. The 
engineer must know exactly the con- 
dition of the metal being used and 
must be careful to specify the right 
quality. 


Plasticity 

Most people have used Plasticine 
or clay for making models and know 
that it can be pushed into almost any 
shape. Many metals will behave in 
much the same way if stressed heavily 
enough, and can be forced into an 
entirely new shape. They are said to 
be plastic. In fact metal can be 
squirted, and this is done in a process 
known as impact extrusion which is used 
to make canisters, toothpaste tubes, 
and other thin-walled containers. 

A slug of metal is put into a shallow 
hole in a solid metal die (see diagram). 
A ram then descends upon the slug 
with great force and compresses it 
within the hole. Due to the pressure, 
the metal becomes plastic and can 
only escape through the narrow space 
between the ram and the die cavity. 
The metal is squirted upwards 
through this space to form a thin- 
walled tube. All this happens in one 
second or less and so the process has a 
high output. Metals such as pure 
aluminium are very suitable indeed 
for this kind of process. 


“HN.B. THE 
- REDUCTION SHOWN IS LARGER 
THAN COULD BE OBTAINED IN PRACTICE 


tre is made by drawing ductile metal 
through a hard die. 
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All ductile metals permit plastic 
flow, but some metals, such as lead, 
are soft and can be deformed, yet 
they are not ductile. These can be 
rolled and hammered and are called 
malleable metals. Aluminium is both 
malleable and ductile, and can be 
hammered or rolled into foil less than 
a thousandth of an inch thick. The 
‘tinfoil’ used in the packing of cigar- 
ettes is actually aluminium foil. 

Many metals become plastic when 
red-hot although they are not so when 
cold. Steel is easy to deform at a red 
heat. Most steel bars and plates are 
originally hot-rolled to size. Forging, 
another hot-working process, can form 
steel into almost any shape. Large 
changes in section can be made with 
relatively small forces, and this is the 
great advantage of forging. Also, the 
metal crystals do not stiffen, so that 
hot-worked metal remains soft and 
easy to bend. The combined effect of 


EXTRUSION ——> 


VOLUME EQU. 
COMPLETED TUBE) 


Making hollow tubes by extrusion. 


contraction on cooling and surface 
oxidation causes inaccuracy and dis- 
coloration and this is a disadvantage of 
hot working. Consequently we have to 
pay for easy plastic forming by much 
more machining, and this is another 
reason for choosing metals carefully. 
Toughness 

Toughness is the ability of a metal 
to be deformed repeatedly without 


breaking, in other words a tough 
metal is one which cannot easily be 
pulled apart. 

Some metals can be bent backwards 
and forwards or twisted or stretched 
many times without breaking. Ima- 
gine how useful this property is in the 
coupling of a railway wagon, or in the 
link of a chain, or the rear axle half- 
shaft of a heavy lorry, all of which 


Testing the tensile strength of a metal. 
The sample 1s stretched and at each stage 
the stretching force (load) and the exten- 
stons (elongations) produced are recorded. 


need to yield rather than break in an 
emergency. Soft metals can be very 
tough. This is obvious when one tries 
to break a piece of soft copper wire by 
bending or twisting it. Tough metals 
do not machine easily because the cut 
metal, or chip, does not separate 
easily from the main body. Metals 
which are both strong and tough, such 
as nickel-chromium steels, often need 
special cutting tools and very power- 
ful machine tools. But such steels are 
necessary for the safety and _ per- 
formance of many products and the 
engineer has to learn how to cut and 
join them, although it is sometimes 
very expensive to do so. 
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sian ¢ other insects so com- 


ths Yas ré not merely feeding’ the 
nectar * he flowers; they are, per- 
forming’a vital service for the plant. 
As the insects flit from flower to flower 
they are unwittingly transferring pol- 
len—they are pollinating the flowers. 
The transference of pollen from sta- 
mens to stigma is called pollination 
and is the first stage in the process 
whereby the male cells gain access 
to the female egg-cells in order to 
form seeds. The second part of the 
process (fertilization) will be described 


STIGMAS 


cud 


STAMENS 


DEVELOPING 
FRUIT 


later. All parts of the flower may play 
ts during the summer, 


a part in pollination ‘but the main 


organs concerned are the stamens and 


the stigma. 

Each stamen (male organ) consists 
of a filament and a pair of anthers which 
are the pollen-producing sacs. When 
the pollen grains are ripe the anther 
walls split and expose them. The 
stigma is the receptive surface of the 
female part of the flower—the carpel. 
The stigma may or may not be on a 
stalk—the style. When pollen of the 
same species falls upon the style the 
process of fertilization begins. 

When seeds are produced after the 
transference of pollen from one flower 
to another (cross-pollination), the result- 
ing plants are often stronger than if 
the pollen and ovule (egg-cell) had 
both come from a single flower (self- 
pollination). It is not surprising, there- 
fore, that most flowers have some way 
of avoiding self-pollination and en- 
suring cross-pollination. Those flowers 
which are adapted to ensure cross- 
pollination will produce stronger and 
more successful offspring which in 
turn will be adapted for cross-polli- 
nation. Most flowers contain both 


The Plantain is wind pollinated. The 
lower flowers open first exposing the stig- 
mas. Later the hanging anthers appear. 


Fiowers 


NECTAR 
FREELY EXPOSED 
ON THE FLOWER © 
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> The small ‘open’ flowers of the Hogweed 


attract many types of insect which effect 
pollination. (Inset) A single flower in 
section. 


stamens and carpels (they are herma- 
phrodite) but a number of plants have 
flowers of one sex only. A few species 
(e.g. the Willow) even bear the male 
and female flowers on different plants. 
In these cases self-pollination is im- 
possible. Where there are organs of 
both sexes in a flower, self-pollination 
is avoided by separating the anthers 


and stigmas in space or time. In an 
upright flower the anthers may be 
below the stigmas and vice versa in a 
hanging flower so that pollen will not 
fall on the stigmas. ‘The most frequent 
device is that whereby the stamens 
ripen before the stigma is ready to 
receive pollen. This is known as pro- 
tandry. The reverse condition (pro- 


tog yny) occurs in some flowers whose 
stigmas mature before their stamens 
shed any pollen. A number of plants 
whose flowers are not structurally 
adapted to prevent self-pollination 
are self-sterile. The pollen can fall on 
the stigma but it cannot fertilize the 
ovule because there appears to be a 
chemical barrier to its further de- 
velopment. 

Although cross-pollination is pre- 
ferable, self-pollination is better than 
no pollination at all and in many 
cases the stamens and stigmas bend 
towards each other before the flower 
dies so that self-pollination may occur 
if cross-pollination has failed. A num- 
ber of plants (including the Sweet 
Violet) produce special flowers late 
in the season which always pollinate 
themselves—in fact they do not even 
open; the pollen passes direct from 
stamen to stigma and ensures that 
at least some seed will be produced. 


The Pollinating Agents 

Although insects are the most im- 
portant agents of pollination, there 
are others, notably the wind. Wind- 
pollination (anemophily) occurs in many 
trees and all grasses. The flowers are 
typically borne in catkins or the 
stamens are provided with long fila- 
ments. In both cases even slight air 


TONGUE 


lar flowers of the Scabious. Tongue and 
legs all collect pollen. 

movements release pollen. The pollen 
is light and produced in large quan- 
tities for wind pollination is wasteful 
—very little reaches the female stig- 
mas. The latter are usually large and 
feathery in wind-pollinated plants so 
that the maximum amount of pollen 
may be trapped. Petals of wind- 


pollinated flowers are often absent and 
the flowers are normally inconspicuous 
although well exposed. The Hazel- 
tree produces its male flowers in hang- 
ing catkins. The female flowers are 
tiny structures with branched red 
stigmas. Separation of the flowers in 
this way ensures cross-pollination. 
Grass flowers have very long filamen- 
tous stamens which hang well below 
the stigma and thus risk of self-polli- 
nation is reduced. Plantains produce 
spikes of protogynous flowers. The 
lowest flowers open first and expose 
their stigmas. As the latter wither, the 
hanging stamens appear, but these 
rarely pollinate the younger flowers on 
the same spike since the stamens are 
always below the stigmas. Wind pol- 
lination is undoubtedly the most 
primitive mechanism. 

Insect pollination (entomophily) is by 
far the commonest method of pollen 
transference. Many flowers are un- 
specialised and can be pollinated by 
almost any insect, but the more speci- 
alised flowers can be pollinated by 
only a few species of insect. The 
elaborate associations between flowers 
and insects are not coincidental. They 
are the results of evolutionary forces 
which have been acting ever since in- 
sects first began to feed at flowers. 

The early wind-pollinated flowers 
must have been attractive to insects 
in some way—probably on account of 
the large amount of pollen they pro- 
duced, for pollen has a high food 
value. Those flowers which wepe 
visited regularly by insects would 
have been pollinated efficiently and 
would have produced offspring in 
larger numbers than the wind-polli- 
nated plants. These offspring too 
would have been attractive to insects, 
and from this stage the many refine- 
ments of insect-pollinated flowers must 
have arisen. The insects too have 
evolved special structures which en- 
able them to gather pollen and nec- 
tar (and therefore to pollinate) mo 
efficiently. The ‘pollen basket’ 
the fine feathery hairs of honey 
illustrate this. 

Entomophilous flowers arg 
brightly coloured and sce 
normally contain a sweé¢ 


flowers’—they produce extra pollen 
as insect food but no nectar. The 
pollen of entomophilous flowers is 
sticky and adheres to the bodies of 
insects. Because of the more efficient 
pollination mechanism less pollen is 
produced than in the wind-pollinated 
flowers. 

Bees are the most important polli- 
nating insects. In their search for pol- 
len and nectar they visit large numbers 
of flowers—usually all of the same 
species—and pollinate them. The re- 
latively long ‘tongue’ (proboscis) of 
bees enables them to find nectar 
which is concealed (e.g. in spurs formed 
by petals). Bees visit flowers which 
are blue, purple, yellow and some- 
times white but rarely visit red flowers. 
Experiments have shown that the 
insects are attracted by colour from 
a distance and then by both colour 
and scent when they are close to the 
flower. The dark lines on petals (honey 
guides) are believed to guide the insect 
to the nectar and the stamens and 
stigma. Butterflies and moths are also 
important pollinating agents. Butter- 
flies visit all types of flower, chiefly red 
and white ones. Their long tongues 


Hazel catkins swaying in the wind scatter 
pollen onto the red stigmas of the female 


flowers. 
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can reach nectar in tubular flowers. 
Night-flying moths hover in front of 
flowers and reach the nectar with 
their very long tongues. The flowers 
are usually white or yellow (so that 
they are easily seen in the dark) and 
strongly scented (e.g. Honeysuckle). 
Their stamens and stigmas protrude 
from the flower, touching the hover- 
ing moth. Other insects which fre- 
quently visit flowers include flies and 
beetles. These are not specialised for 
reaching concealed nectar and are 
normally found on ‘open’ flowers such 


THRUM-EYED 
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STIGMA 


PIN-EYED 


The Primrose 


This flower exists in two different 
forms—‘pin-eyed’ and ‘thrum-eyed’. 
Each plant has only one type of flower. 
The difference depends upon the posi- 
tion of the stamens and the length of the 
style. Primroses are pollinated mainly 
by long-tongued bees whose tongues 
pick up pollen at the right level to 

_ transport it to the stigma of the opposite — 
| type of plant. 


Flowers of this type (e.g. Sweet 
Pea) ate highly specialised to ensure 
pollination. Long-tongued bees are 
attracted to the flowers and settle on 
the side-petals (wings). The weight 
of the bee depresses the petals and ex- 
pgses the sex organs which brush 
against the insect and pollination is 
effected as the bee probes for nectar 
in the base of the flower. Only heavy 
insects such as bees can pollinate these 
flowers. 


| 
| 
| 
| 
Irregular Flowers 


as those of the family Umbelliferae (e.g. 
Hogweed). Heads of flowers are fre- 
quently covered with insects which 
feed upon the exposed nectar. The 
flowers are markedly protandrous and 
the insects transfer pollen from the 
younger flowers in the centre of the 
head to the outer, older flowers whose 
stigmas are ripe. Flowers of the family 
Compositae are also visited by various 
types of insect. Most entomophilous 
flowers employ one of the methods 
described above to avoid self-polli- 
nation. 
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Orchids 


; 
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Some of these flowers show the most 
remarkable adaptations to pollination by 
certain insects. The likeness of some of 
the flowers to insects is regarded as a 
pollination mechanism because it attracts 
insects to the flower. The flower of the 
Early Purple Orchid has only one stamen 
whose anthers are large and contain a 
sticky mass of pollen (the pollinium) 
attached to a stalk. When a bee alights 
on the flower and attempts to get nectar 
from the spur the pollinia stalks stick 
to its head and within a short time the 
pollinia bend forward. They are just 
in the right position to strike the stigmas 
of the next plant visited. Flowers of this 
type are so specialised that only one 
species of insect may be able to pollin- 
ate them. 
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The Cuckoo-pint 


This inflorescence is rather dingy and 
has an unpleasant odour which is, 
however, attractive to flies. The in- 
dividual flowers are borne on a spike, 
the female flowers below the male ones. 
Above the flowers is a ring of hairs 
and the whole spike is sheathed by a 
bract. Flies, attracted by the odour, 
crawl down the tube and become 


trapped below the downward pointing 
hairs. The female flowers ripen first and 
are pollinated by insects with any pollen 
on. Then the male flowers ripen and 
the hairs wither. As the insects escape 
they gather pollen which they will 
transfer to the next flower. 


INORGANIC CHEMISTRY 


SODIUM COMPOUNDS 


S it is so reactive, metallic sodium 

does not occur free in Nature, 
but several of its compounds can be 
found in comparatively large quanti- 
ties. In fact sodium is the sixth most 
abundant element in the Earth’s 
crust, and accounts for about 23% 
of its total mass. Over 98% of the 


Formation of Sodium Sulphate 
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SODIUM CHLORIDE 
SODIUM HYDROGEN 
ULPHATE 


Earth’s crust is made up from eight 
elements almost all of which are 
present as various chemical com- 
pounds. 

The principal sodium compounds 
found in Nature are sodium chloride 
(in sea water and as rock salt), 
sodium nitrate (as Chile saltpetre) 
and complex alumino-silicates such 
as sodium felspar. As a result of 
weathering, the latter class of com- 
pound breaks down to yield clay and 
sodium carbonate. Sodium carbonate 
is also obtained from the ash left after 
burning marine plants. 

The manufacture on an industrial 
scale of two of the most important 
sodium compounds of commerce — 
sodium carbonate (soda ash) by the 
Solvay Process and sodium hydroxide 
(caustic soda) by the Castner-Kellner 
Process —has already been described 
(pages 586—7 and 682-3). Almost all 
other sodium compounds can _ be 
made from these or from sodium 
chloride. 

Almost without exception sodium 
compounds are soluble in water. The 
sodium salts of the strong acids — 
hydrochloric, nitric and sulphuric — 
are strong electrolytes (7.e. the mole- 
cules are almost completely disso- 


ciated into ions even in comparatively 
concentrated solutions). 

Considerable use is made of the 
solubility of sodium salts, particularly 
in softening water. The ion exchange 
resins such as ‘Permutit’ are complex 
sodium aluminium silicates. When 
water, which is hard because it con- 
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tains calcium ions, flows through the 
resin column the sodium and calcium 
ions exchange places and the water 
is thereby softened. Thus the calcium 
salts which form scums have been 
removed. The action of soap as a 
means of softening water is similar. 
Soap, the sodium salts of various 
organic acids, reacts with the calcium 
ions in the solution to give insoluble 
calcium compounds which settle out 
as scum. 

Sodium peroxide, a yellow solid 
which is prepared by passing air, 
free from water and carbon dioxide, 
over hot sodium (300°C), has several 
valuable uses. In particular it can be 
used to remove carbon dioxide from 


air in confined spaces as in submer- 
ged submarines. 
2NazOz + 2CO2 —> 2Na2CO3 + O2 


sodium 
peroxide 


Sodium peroxide also gives oxygen 
by a reaction with water, which 
method provides a useful source of 
small quantities of oxygen in the 
laboratory. 

Sodium sulphate (Na,SO,) which 
is made commercially by the action 
of hot concentrated sulphuric acid on 
sodium chloride, crystallizes with ten 
molecules of water for each molecule 
of the salt. It is known as Glauber’s 
salt and large quantities are now 
required in the manufacture of syn- 
thetic detergents. Sodium sulphate is 
also used in dyeing and in the textile 
industry. 

Sodium thiosulphate (Na,S,O,) is 
much used by photographers under 
the name of ‘hypo’. It reacts with 
silver bromide to form a complex 
compound which is soluble in water. 
In this way any silver bromide re- 
maining on an exposed film (in those 
areas which have received light, 
silver bromide will have been reduced 
to silver) can be washed away. 
Sodium thiosulphate is used in analy- 
sis for finding the quantity of iodine 
in a sample. The iodine is converted 


to sodium iodide: 
2Na2S203. + l2 —> 2Nal 


sodium iodine 
thiosulphate 


The point at which all the iodine has 
reacted can be easily found by adding 
a small quantity of starch. This gives 
an intense blue coloration in the 
presence of traces of iodine. 


sodium 
carbonate 


carbon 


oxygen 
dioxide 


+  Na2S406 


sodium sodium 
iodide tetrathionate 


Sodium sulphate is manufactured in two stages. First, sodium hydrogen sulphate is 
obtained by the action of concentrated sulphuric acid on sodium chloride in the cast-iron 
pot. The resultant pasty mass is then transferred into the muffle furnace, where the 


second reaction takes place. 
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FLUIDS IN MOTION 


FLUID is something which flows. Many fluids flow 

very easily, and rarely stay still. The branch of 
science which deals with moving fluids is called Hydro- 
dynamics. It tries to predict, for instance, how water will 
flow along a pipeline, or how air will behave as it flows 
over the wings of an aeroplane. 

The behaviour of a moving fluid is naturally more 
complicated than that of a stationary fluid. In Aydro- 
statics (which deals with stationary fluids) the most impor- 
tant thing to know about the fluid is the pressure acting 
on it. A diver experiences an increasingly great pressure 
in water as he dives deeper, for the pressure at any depth 
is simply the weight of water above him plus the pressure 
of the air pressing down on the surface. 

But_as soon as the water starts to move, the pressure 

itefs* It is almost impossible to predict what the pressure 
meelocity (spsed) of the water will be, since moving 

are far—n bre complicated than stationary ones. 


A diver caught and swept along by an underwater current 
would probably not notice that the pressure around him had 
altered. But in fact the pressure drops as the water starts 
moving, and the faster the current, the more the pressure 
drops. 

This may seem surprising. A faster moving stream 
would seem to exert a greater pressure than a slower- 
moving one. The fact that exactly the opposite takes place 
was first expressed by Daniel Bernoulli (1700-1782), a 
Swiss mathematician. 

If a fluid is starting to move in a continuous stream, 


lows smoothly around the Gaderside of the parcel (wing tees 
cote of an aeroplane). This is streamline (or poi) fee On 
the upperside the streamlines have broken up into eddies. This _ 
is turbulent flow, and it should be avoided because it causes the — 


wing to ‘drag’. 


then something must be pushing it to make it move. This 
push is a pressure. Once the fluid is moving, we would 
expect its pressure to alter, either to increase or to decrease. 
Suppose it increases. The faster-moving parts of the 
fluid-stream can push harder, because their pressure is 
greater. So they can move even faster, and push harder 
still, and so on. If the pressure of a fluid increased once 
it started moving, a ripple in the ocean could gradually 
move faster and faster and grow into a tidal wave. This 
is, of course, absurd. So the pressure in a moving fluid 
decreases as its speed increases. 

This principle, called Bernoulli’s principle, has many 
important applications. It can easily be verified by holding 
a sheet of paper by two corners and blowing over it. 
The loose end of the paper rises. Blowing has started the 
air moving, and so reduced the pressure over the top 


surface of the .piece»of paper. The pressure on top is a 


- therefore less than the pressure of the stationary air 
» underneath, and so the paper is pushed upwards. 


The rate at which a fluid flows along a pipe is measured by a 
Venturi Meter. The fluid passes through a slightly narrower 
portion of the tube, and the rate of flow can be calculated, from 
Bernoulli’s principle, by measuring the difference in pressure 
between the wide and narrow parts. 


This simple experiment demon- 
strates the lifting forces which make 
an aeroplane rise into the air. As the 
aeroplane is propelled forwards, air 
rushes around the wings. These are 
specially shaped so that air going over 
them has to travel slightly farther 
than air going under. So the air above 
must be travelling faster relative to 
the aeroplane wing than the air 
below. The pressure above is thus 
less than the pressure below, and the 
aeroplane is thrust upwards. 

Another application of this prin- 
ciple is in the measurement of the 
amount of fluid, water, gas or oil, 
flowing along a pipeline. The pressure 
of the fluid can be measured fairly 
easily, but it is more difficult to 
find out directly how quickly the 
fluid is flowing. However, the pressure 
depends directly on the speed of the 
fluid. So once the pressure is known 
(in practice it must be measured at 


A simple experiment to show Bernoulli’s 
principle. The paper rises because air 
movement has reduced the pressure on top. 


two or more places along the pipe- 
line) the velocity c 


ing 
carriageway to single- 
lane traffic to dual carriageway again. 
The traffic must travel twice as 
fast along the single lane—otherwise 
the traffic would jam at the road 
narrowing. As the fluid entering the 
bottleneck increases its speed, it must 
lower its pressure. A pressure gauge 
measures the difference in pressure 
between the wide portion and the 
slightly narrower bottleneck. From 


this reading the rate of flow in the 
tube (it is, of course, the same in both 
parts of the tube) can be calculated. 

However useful Bernoulli’s prin- 
ciple may be in explaining simple 
problems on fluid flow, there are 
only a very small number of occasions 
on which it applies exactly. Fluid 
motion is complicated by many things. 
One of these is viscosity, or the friction 
between molecules in the fluid. This 
stops the fluid from moving freely. 
Another difficulty is that the pressure 
changes may compress or expand the 
fluid (this is more serious in gases 
which are far more easily compressed 
and expanded than liquids). 

A most important limitation is that 
the flow must be steady and smooth. 
It would be possible to apply Ber- 
noulli’s principle to calculate pressures 
and rates of flow in a slow-moving 
river. But it would be quite impossible 
to do the same with a waterfall, where 
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there, and sucks the liquid up. 


Bernoulli’s principle in operation. The flow of air 
above the top of the tube lowers the pressure 


the water is turbulent. There are two 


different kinds of fluid motion— 
streamline, or slow and steady, and 
turbulent, whisked into eddies like 
the water at the foot of a waterfall. 
Turbulent motion may set in if the 
fluid is moving quickly. Bernoulli’s 
principle in fact predicts that some- 
thing odd will happen when the fluid 
moves so fast that its pressure drops 
to nothing. 

Aircraft designers shape aircraft 
wings to stop turbulent motion occur- 
ring in the air streaming over them. 
The wings are designed in an aerofoil 
shape to maintain streamline flow 
for as high a speed as_ possible. 
Friction between the air and the 
aerofoil is small if the motion is 
streamline, since the streamlines are 
gently ‘parted’ by the aerofoil. But 
the frictional pull, or drag is far 
greater if the air is turbulent, and 
this may cause the aeroplane to stall. 


A demonstration of streamline and turbulent flows. The ink 
traces out the movement of water. 
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SEED formation in flowering plants 

depends upon pollination and 
fertilization. Not only must the pollen 
come into contact with the female 
stigma — it must germinate there and 
one of its cells must join (fuse) with 
the egg-cell (ovule) in the carpel. 

Pollen grains at first are single- 
celled bodies with two coverings. The 
outer one is often patterned, thus 
making it possible to identify a plant 
species by its pollen grains. By the 
time the pollen reaches the stigma, 
its nucleus has usually divided into 
vegetative and generative nuclei. The 
latter then divides again to give two 
male cells (gametes). A fine tube emer- 
ges from the grain and grows down 
through the stigma and style (when 
present), carrying the nuclei with 
it. This pollen tube appears to be 
chemically attracted to an ovule 
which it enters via the micropyle. 

The carpel is the female organ of 


A , 

’ Ly ‘4 ; 

AKY 

4 . \The runner 

~~ above and germin 
\ large fleshy coty 

radicle and plumule. 


BIOLOGY 


From 


this is the embryo-sac which contains 
the egg-cell nucleus and a number of 
other nuclei (see illustration). When 
the pollen-tube enters the micropyle, 
its tip and the vegetative nucleus 
disintegrate and the two gametes 
enter the embryo-sac. One fuses with 
the egg-cell nucleus and the other 
with the two polar bodies. This is 
the act of fertilization and is followed 
by changes in the ovule associated 
with seed production. The exact 
details vary from one species to 
another but the general case is des- 
cribed below. 


ANTIPODAL 
CELLS 


POLAR 
BODIES 


the flower. There may be one or more “e 


in each flower and each carpel may 
contain one or more ovules. It is 
the ovule that gives rise to the seed. 
The shape of the ovule varies but it 
is normally attached to the carpel 
wall in the manner shown. There are 
two layers of covering cells (zntegu- 
ments) surrounding a layer of nutri- 
tional tissue (the nucellus). Within 
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MICROPYLE 


The carpel of the buttercup in section to 
show the structure of the ovule and the 
germinating pollen grain. 


The pea pod (legume) is a simple fruit 
derived from a single carpel containing 
several ovules. 


The fused egg-cell begins to divide 
rapidly and gives rise to the struc- 
tures of the new plant. These are the 
plumule (young shoot), radicle (young 
root) and cotyledons (seed leaves). 
There are two cotyledons in seeds of 
dicotyledonous plants while mono- 
cotyledons have only one seed leaf. 
These young structures as a whole are 
called the embryo. While the embryo 


- is developing the fused polar nuclei 


also divide many times and produce 
cells of the endosperm. This is the 
tissue which nourishes the embryo 
when the seed germinates. It contains 
starch, protein and other food re- 
serves. Many seeds however have no 
endosperm when mature. It is ab- 
sorbed, as it is produced, by the 
cotyledons which eventually take up 
most of the volume of the seed and 
nourish the germinating plant them- 
selves. The runner bean is a good 
example of the non-endospermic seed, 
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mbryo dissected out 


~ having large fleshy cotyledons. The 
development of the endosperm and 
the embryo is at the expense of the 
nucellus and is also supported by food 
from the parent plant which passes 
through the ovule stalk. The outer 
coverings of the seed are derived from 
the integuments of the ovule which 
become tough and sometimes leathery. 

Development of the embryo does 


not normally go on indefinitely. Cell 
division slows down and stops after a 
while and the seed as a whole loses 
water. The outer covering (testa) be- 
comes very hard and breaks away 
from the carpel wall. The seed is now 
ripe. Many seeds will germinate 
(t.e. sprout) immediately if given the 
right conditions but a number require 
a definite period of inactivity (dor- 
mancy) before they can develop into 
new plants. 


Fruits 

Whereas the seed is produced from 
the ovule alone, the fruit is produced 
from the carpel or carpels and often 
includes other parts of the flower 
too. Its purpose is to protect and 
distribute the seeds. A fruit may 
contain one or many seeds. Fruit pro- 


sa oad The plum is a true 
a . fruit formed from the 
) single carpel of the 
a ~~» flower. The stone 1s 
fr. the inner layer of the 
~ — carpel wall. 
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the inner carpel wall 
becomes horny and 
forms the ‘core’ of 
the fruit. 


duction is normally triggered off by 
fertilization but in some cases pol- 
lination may provide the necessary 
stimulus. This is of a chemical nature 
and it is now possible to produce 
seedless fruit artificially by applying 
the correct chemical hormone to the 
flower. 

Fruits which are derived from the 


RECEPTACLE 


carpel alone are called true fruits 
while those which contain other or- 
gans as well are called false fruits. 
Another classification is into dry and 
fleshy fruits but this is not a clear- 
cut division. Dry fruits are further 
subdivided according to the way in 
which they open to liberate the 
seeds. 

Simple fruits are those which are 
derived from a single flower with 
one carpel or a number of fused ones. 
The layers of the carpel wall give 
rise to the layers of the fruit (pericarp) 
which may be dry or fleshy. Examples 
include the hazel nut, the pea pod 
(one carpel with several seeds), berries 
such as the orange and tomato (both 
several seeds and several carpels), and 
drupes such as the plum. A drupe 
differs from a berry in that the inner 
layer of the carpel produces a hard 
‘stone’. The plum stone is not a seed — 
it is part of the fruit and contains a 
seed. Drupes normally have only one 
seed but berries contain more as a rule. 
Dry fruits containing several seeds 
usually split open and scatter the 
seeds but single-seeded ones (e.g. 


The pineapple is a composite fruit formed 
by the fusion of many flowers. 


Hazel nut) do not normally split; 
the pericarp rots on the ground and 
the seed germinates. Flowers in which 
the carpels are separate give rise to 
compound fruits. The buttercup pro- 
duces a collection of small nuts 
(achenes) while the blackberry fruit 
is a collection of drupes. 

False fruits include the apple and 
the strawberry among many others. 
These two both include the receptacle 
in the fruit. The apple carpels are 
surrounded by the receptacle which 
swells to form the fleshy part of the 
fruit. The carpel walls become horny 
(the core of the apple) and contain 
the seeds or pips. Fruits of this 
type are called pomes. Other pomes 
are the pear, hawthorn and rowan 
fruits. Strawberries are actually swol- 
len receptacles which carry a number 


Blackberries are compound 
Sruits made up of several 
small drupes each derived 
from a single carpel. (Be- 
low) The orange is a berry 
derived from several carpels 
whose outer walls produce | 
the peel. Each carpel is 
fleshy and may contain one 
or more seeds (pips). 


Strawberries are false fruits pro- 
duced from swollen receptacles. 
The pips are the true fruits of the 
plant — each from a separate carpel. 


of small true fruits (the so-called 
‘pips’) formed from the separate 
carpels. 

Composite fruits are those which are 
formed from whole inflorescences, not 
single flowers. Examples are figs, 
pineapples and mulberries. Bracts, 
sepals and flower-stalks all take part 
in forming these fruits. 
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The Manufacture of 
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High-density polythene may be extruded to obtain monofilaments which can be used in 
making net and cord, and for weaving into fabrics. To increase the strength of the fibres 


they are drawn through a water bath. 


T is little more than twenty years 
since polythene was produced on 
an industrial scale and only thirty 
years since its discovery by Gibson 
and Fawcett. In that time it has be- 
come an accepted material from which 
a large number of articles both for 
domestic and industrial use are now 
made. It has the advantages of being 
mechanically strong and light in 
weight, it is unbreakable, and resists 
the corrosive action of a great many 
chemical substances. 

Not only has the advent of poly- 
thene produced a minor revolution 
in the fabrication of many articles, 
particularly for domestic use, but its 
properties suggested many new arti- 
cles. This plastic became available for 
general use at a time when the 
standards of living were being raised 
and it has probably stimulated the 
practice of ‘pre-packing’ foodstuffs. 
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ETHYLENE ETHYLENE 


Many articles which were formerly 
made in galvanized or enamelled 
iron (e.g. buckets, baths and washing- 
up bowls) are now made in polythene. 

Polythene is a thermoplastic material 
— it becomes soft when heated and can 


PLUNGER 


NOZZLE 


HEATER 


Injection Moulding — Molten poly- 
thene is forced into the mould. 


be softened and moulded many times 
without its properties being affected. 
The polymer is synthesized from 
ethylene which is available in large 
quantities as a by-product from oil 
refineries. 

There are three methods by which 
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‘ ETHYLENE 


polythene has been manufactured on 
an industrial scale. The processes 
differ in the catalyst which is used 
to bring about polymerization and in 
the operating conditions which prevail 
in the reactors. These variations in 
turn give rise to grades of polythene 
which have different physical pro- 


SQUEEZE ROLLERS 


EXTRUDER 


TENSION 
ROLLERS 


WATER BATH 
Extruding Film - Polythene film is 


made by drawing the polymer through 
a die. 


EXTRUDER 


Blow Moulding - Hollow containers 
are formed by blowing the polythene 
against the walls of the mould. 


perties and which are suitable for 
different purposes. 

In the original process oxygen was 
used as the catalyst. But to bring about 
polymerization it is necessary to com- 
press the ethylene gas to about 1000 
times the pressure of the atmosphere 
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Formation of Polythene - Polythene is made by an addition reaction in which the reactive double bonds linking the carbon atoms in 
ethylene are broken to form a long chain of —- CH, — units. 
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In this machine for blow moulding bottles, 
molten polythene 1s injected into the ‘parison’ 
mould and transferred to the ‘blow’ mould 
where compressed air is applied. 


(z.e. to 14,700 lb. per square inch) and 
heat it to about 200°C. 

Two processes which have been 
developed more recently produce a 
denser polymer which is also stronger 
and softens at a higher temperature 
than the ‘conventional’ polythene 
made by the older higher-pressure 
method. Details of both the <eigler 
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Extruding Filaments - After be- 
ing drawn through the die the filament 
is stretched and cooled. 


and Phillips Processes have been kept 
secret by the firms who use them, but 
it is understood that aluminium alkyl 
is used as the catalyst in the Zeigler 
Process, while chromium oxide is used 
in the Phillips Process. In both pro- 
cesses polymerization is achieved at 
comparatively low pressures, and at 
temperatures not much above that of 
the atmosphere. 

The ‘conventional’ type of poly- 
thene which is also known as low- 
density polythene is a wax-like solid. It is 
translucent and amorphous (non-crys- 
talline). In comparison with the 
high-density polythene from the Zeigler 


and Phillips Processes, the low-density 
product comprises short carbon chains 
with many branches. 

The high-density polymer exists in 
more definite crystalline units and is 
opaque. It also has longer chains 
with fewer branches. These factors 
account for its greater strength and 
resistance to attack. A single molecule 
of the polymer may contain between 
750 and 3,500 CH, units. 


taining their original properties, poly- 
thene is more frequently used without 
such additives. 

The various methods of processing 
polythene are illustrated—solid ob- 
jects can be formed by imection 
moulding while hollow objects can be 
blow moulded. It can also be made 
into pipes for various purposes and 
into thin filaments for making nets 
and fabrics. Polythene is also made 


This wash bowl of high-density polythene has just been made by the injection moulding 
technique. Note the massive hydraulic gear needed to hold the two halves of the mould 


together. 
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EXTRUDER 


SCREW ROTATING AT 
CONTROLLED SPEED 


Pipe Extrusion - Piping for cold 
water and chemical use is extruded 
through a special die. 


The manufacture of the polymer 
and its processing into useful articles 
are two separate operations which are 
often undertaken in different factories. 
The polymer is usually supplied as a 
powder to which suitable colouring 
matter may be added. Whilst fillers 
are added to some plastics to increase 
their bulk but at the same time re- 


into thin films and sheets for wrapping 
purposes and can even be coated on to 
paper and other materials, thus com- 
bining the protective properties of 
polythene with the strength of the 
other substances. 

The uses of polythene are limited 
by several shortcomings, in particular 
it softens at about go°C so it can 
only be used when handling compara- 
tively cool substances. It also tends to 
stretch considerably when put in 
tension, so this must be avoided. 

Of all the properties of polythene, 
perhaps the most outstanding is its 
high electrical resistance. It was in 
this connection that it was first used 
—as an insulator in British radar 
equipment during World War II. 
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PHYSIOTHERAPY 


MEDICAL treatment by physical 
means, as distinct from surgery 
or drugs, is called physiotherapy. 
Such means include massage, the 
application of exercise, heat, ultra- 
violet light and electricity. 
Physiotherapy is an art that is 
rapidly gaining in importance as 
techniques improve and as our know- 
ledge of the workings of the body 
increase. Early methods were by 
nature largely a matter of trial-and- 
error, and often more harm than good 
resulted from them. Many disabled 
people were not encouraged to lead 
normal lives again because they were 
considered beyond help. Today peo- 
ple who are paralysed from the 
chest down, those with limbs missing, 
and so on are rehabilitated. Not only 
is their health restored but also a role 
is found for them in the world even 
though this may be very different 
from the one that they had before. 
A major task of the physiotherapist 
is to coax and inspire the patient 
in such a way that his confidence is 
increased and so that he feels able 
to do things for himself once again. 
The physiotherapist is essentially a 
member of a team and he is in close 
liaison with the patient’s doctor. The 
occupational therapist is playing a 


greater part in rehabilitation. His or 
her task is to interest the patient in 
such things as rug-making, weaving, 
and basket making—light work that 
will not overtax the patient (providing 
it is applied properly), that will help 
to loosen joints and strengthen mus- 
cles and that will help to restore the 
patient’s confidence in his own ability. 

The main requirements of the 
healthy body are an efficient cir- 
culation (and-—united with  this— 
an efficient respiratory system), heal- 
thy bones and joints, the tissues must 
be firm yet supple, and the actions 
of the nervous system perfect. In 
nearly every case the physiotherapist 
is concerned with maintaining the 
circulation, particularly with helping 
the interchange of fluids between the 
blood stream and the tissues and with 
keeping the joints mobile and main- 
taining muscle power. 

Obviously the treatment to be 
given depends very much on the 
condition of the patient and the 
defects that have to be remedied. The 
methods of treatment and their effects 
may be discussed under four main 
headings. (1) Massage (2) Exercise 
(3) Electrical treatment (4) Heat. 
Massage 


This is one of the oldest forms of 
medical treatment and, though it is 
not so important as in former times, 
it is still frequently applied. Massage 
consists basically of the following 
actions — stroking, kneading and ham- 
mering or percussion. It is usually 
applied through the hands of the 
masseur. 

The primary aim of massage is to 


(from left to right) Short wave diathermy — 
a means of heating the deeper structures of 
the body; massage; hydrotherapy — the 
use of water as an aid to movement; wax- 
bath treatment for rheumatoid arthritis. 


Suspension therapy. Sling exercises 


Sormed to improve movement of the Jép 


increase the flow of fluids from the 
body extremities towards the heart. 
In addition, the skin receptors may be 
stimulated, so keeping nerves active, 
or soothed, allowing the massaged 
part or the body as a whole to relax. 

Because massage requires no action 
from the patient, exercises that involve 
movement on the patient’s part are 
often prescribed. 


Exercise 


Exercise has many effects. It con- 
siderably aids the return of blood 
and lymph to the heart for the muscles 
squeeze the veins and lymph channels. 
The muscles can only act when they 
have received nervous signals. Exer- 
cise keeps open the nervous pathways 
between the central nervous system 


and the muscles. Thus the pattern of 
movement is remembered. 

Resisted movement (i.e. movement 
lifting or pushing against an object), 
increases muscle power and _ helps 
build up the muscles. Such exercises 
are important for patients who have 
spent some time in bed, for the 
muscles waste away through lack of 
exercise. 

Exercise also improves balance and 
co-ordination. When muscles work 


they produce heat. This rise in tem- 
perature increases the speed at which 
nerves can send messages to the 
muscles and glands. The result is a 
general increase in alertness and the 
speed of reactions. 

If the exercise is sufficiently vigor- 
ous,the rate at which fluid materials 
are moved round the body can be 
consideravly speeded up-—there is a 
general improvement in the circula- 
tion. 

Important in medical treatment is 
the use of water. Spas have become 
famous because of the invigorating 
effects of water from springs rich in 
minerals. Many hospitals have their 
own pools too. But whatever the 
benefits due to the chemicals in the 
water may be,it is of the greatest 
importance as an aid to movement. It 
buoys up the body, making movement 
of its parts much easier. Exercise in 
water is an important means of 
strengthening muscles, especially in 
cases of infantile paralysis. 


Electrical Treatment 


A steady flow of electricity through 
the tissues may have several effects, 
depending on its intensity, the length 


of time for which it is applied and so 
on. A low current (low enough to 
avoid causing discomfort) stimulates 
sensory nerve endings and muscle 
tissue both when the current is closed 
and when it is opened. It acts as a 
‘shock’. 

A direct current may cause pain, 
so a smaller surged, alternating 
electric current, which can be with- 
stood comfortably, is often used. How- 
ever, it is essential that the nerve 
to the muscle is intact. A steady 
current is used when the nerve supply 
is absent. If the muscle reacts to a 
steady current and not to the induced 
current it is an indication that the 
nerve supply is missing but that 
the muscle can still make a response. 
Surges of alternating current (see 
illustration) are also used to cause 
the contraction of weak or paralysed 
muscles and to step up poor circula- 
tion in the limbs. Electrical treatment 
has less application nowadays. Re- 
habilitation exercises produce the 
same results with less discomfort for 
the patient. 


Heat 


Heat can be administered in many 
ways but it is not so much the method 
of application that is important but 
to what depth the heat penetrates and 
in what quantities. 


Hot water-bottles, poultices, elec- 
trically heated pads, infra-red lamps 
and short radio waves are means of 
applying heat. Infra-red rays are 
commonly used. Their penetration is 
not great and though their heating 
effect is mainly on the skin it is 
nevertheless sufficient to cause an 
increase in the flow of blood through 
the heated area and more efficient 
fluid exchange between the blood and 
the tissues. One of the major effects of 


heat is to soothe pain, mainly by its 
effect on nerve endings. In doing so 
it causes the tissue or the patient as a 
whole to become more relaxed. 

The application of heat to the 
deeper tissues is called diathermy. Short 
radio waves are employed as a valu- 
able means of generating heat deep 
within the body. The twa electrodes 
of the apparatus are placed one on 
either side of the part containing the 
organ or tissue to be treated, but 
neither must touch the skin. Short 
radio waves passing between the 
two electrodes produce heat deep 
down in the tissues. 

Another form of heat treatment 
employs a wax-bath which contains 
warm melted paraffin wax. The struc- 
ture to be treated (an arm, for exam- 
ple) is placed in the bath and so is 
coated in wax. 

The arm is removed and the wax 
quickly solidifies forming a waterproof 
and airtight cover. This prevents the 
evaporation of the sweat which is 
produced in large quantities as a 
result of the heating. 
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Diffraction 


F part of a beam of light is obstruc- 
ted, it casts shadows. The shadows 
are sharp if all the rays originate 
from the same source of light because 
the unobstructed rays of light appear 
to travel on in straight lines. The area 
of shade formed by the obstruction is 
called the geometrical shadow. It would 
be rather pointless to sit in the geo- 
metrical shadow of a sunshade if 
sunlight could bend round the edges 
by an appreciable amount. 

However, although light does take 
the shortest path in travelling be- 
tween two points (7.e. light usually 
travels in straight lines), it is not 
simply a straight line stream of ener- 
gy. Light is a kind of wave motion, 
vibrating up and down and from side 
to side as it travels forward. This 
fact makes a difference to the way 
light casts shadows, although under 
normal circumstances the difference is 
too small to be noticed. 

Other kinds of waves make areas of 
‘light’ and ‘shade’ when they encoun- 
ter an obstacle. Water waves, for 
example, trying to enter an opening 
in a harbour wall, do not continue 
in a straight line and the waves 
appear to spread out from the open- 
ing into the shadow of the harbour 
walls. This spreading out is called 
diffraction. 

Waves spread out from a point 
source, such as a disturbance in the 
surface, of water, the crests of the 
waves forming ever-increasing circles 
around the disturbance. Putting an 
obstacle in the path of a water wave 
stops part of it, but in the places where 
the wave is not obstructed, the waves 
appear to start again. Each point in 
the gap acts as though it were a water 
disturbance, emitting circular water 
waves. The shape of the crests of the 
waves can be found by drawing circles 
around every point in the gap. 
(Actually only semi-circles need to be 
drawn since it is safe to assume that 
the wave does not travel backwards.) 
If the gap is fairly large, adding 
together the disturbances in the mid- 
dle of the gap gives a wave of the 
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being bright. 


same shape it had before hitting the 
obstacle. But at the edges the dis- 
turbances spread out into the geo- 
metrical shadow. 

Light always does this every time it 
meets an opaque obstacle. If a large 
amount of the light is allowed to carry 
on, the diffracted light at the edges 
will represent only a tiny fraction of 
the total light, and will be unnotice- 
able. This is so if light passes through 
a large hole. However as the size 
of the hole gets smaller, the propor- 
tion of diffracted light increases, 
since a greater proportion of it is 
near an edge. A very small hole 
acts like a single point source of 
light, with nearly all the light dif- 
fracted. The image of a bright and 
narrow slit has a diffuse area of 
light around it. 

Diffraction of a water wave is easy 
to see because the waves can be 
identified at all points of their path. 
Light waves, on the other hand, can 
be observed only at the point where 
they hit something, a screen for 
example. And the waves vibrate too 
quickly and travel too fast for indivi- 
dual waves to be seen. The best 
way of observing diffraction of light 
is by making the different rays of 
light interfere. 

In a previous article (see page 667) 
it was shown that two monochroma- 
tic rays of light, 7.e. one-colour, one 
wavelength light meeting so that the 
crests of one coincided with the crests 
of the other would reinforce each 
other (interfere constructively). While if 
a crest coincided with a trough, the 
two waves would cancel each other 
(interfere destructively) to make a dark 
spot. 

Two narrow slits (illuminated by 
the same monochromate source of 


light so that the crests and troughs 
of the light going through each slit 
start off together) give two highly 
diffracted beams of light. The shadow 
of the slits is very different from the 
geometrical shadow. Light spreading 
out from one slit interferes with light 
spreading out from the other. The 
two beams may travel different dis- 
tances before meeting at the screen, 
so that the crests of one do not 
necessarily coincide with the crests of 
the other. Where crest and crest 
coincide on the screen is a path of 
light, and where crest and trough 
coincide is a patch of darkness. The 
patches of light and darkness are 
called interference fringes. 

When there are three narrow, 
equally spaced slits, the interference 
pattern, instead of getting more com- 
plicated, actually becomes more dis- 
tinct. The extra slit imposes an extra 
condition for the three beams of light 
all to interfere constructively at the 
same place. This has the effect of 
narrowing down the bright region, at 
the same time making it brighter, 
since all the light is concentrated 
into it. 

Adding more and more very nar- 
row, equally spaced slits results in very 
much brighter and narrower bright 
fringes. The position of a bright 
fringe on the screen depends on its 
colour, i.e. wavelength. So different 
colours are ‘focused’ at different 
places on the screen. Ifinstead of being 
illuminated by monochromatic light, 
the slit is lit by a mixture of all the 
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different colours, or white light the 
light is split up into its different 
colours in much the same way as it is 
split up by a prism. 

When there are a_ tremendous 
number of slits—about 60,000 - the 
slits form what is called a diffraction 
grating. The slits can be the spaces 


between very fine, equally spaced 
opaque lines on a piece of glass. The 
lines are ruled with high precision, 
the 60,000 or so lines on a grating only 
about three inches wide. The spectra 
which can be obtained with these 
gratings are far more precise than 
the spectra from prisms, so diffraction 
gratings are often used, instead of 
prisms in spectroscopes. 

The main difference between grat- 
ings and prisms is if, say, the grating 
is illuminated by white light, it gives 
a number of complete spectra (from 
red to violet), where the prism would 
give only one. Each line corresponds 
to a bright ‘fringe’ in the diffraction 
pattern for two slits. 


The diffraction grating 1s used instead of 
a prism to obtain spectra. The grating, a 
piece of glass or celluloid marked with 
thousands of narrow, parallel lines, is 
mounted on the ‘table’ of the spectroscope. 
The different colours of light, because they 
are diffracted by different amounts, appear 
at different places on the screen. 
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A Pictorial Summary of MAGNETS 


Magnets are pieces of iron which are capable of attracting other pieces of iron. The 
metals cobalt and nickel are also capable of doing this but to a much smaller extent. 
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Magnets react with each other 


Lodestone, a form of black iron oxide, is also magnetic. 


(Left) Magnet separates iron filings (iron dust) from a heap of the filings mixed with 
sawdust. Magnets can be used for picking up small iron or steel objects such as pins or 
removing splinters of these metals from someone’s eye. 


LIKE POLES REPEL 


It is a e unlike poles of a magnet that attract each other, i.e. a north pole attracts 
a south pole. The two magnets have to be pulled apart. Poles which are alike — either two 
north poles or two south poles — repel each other. They move to avoid coming into 


contact. 
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Magnets point North 


(1) When it is suspended, a magnet 
always comes to rest in a north-south 
direction. It is always the same end of 
the magnet that points north. This end 
is known as the north-seeking pole and 
the other end is the south-seeking pole. 

(2) This floating magnet also points 
north. As the magnet remains in the 


centre of the bowl, both ends must be 
of equal strength. If not, the magnet 
would move in the direction where the 
attraction was the strongest. 

(3) Asmall lightweight magnet is used 
in a compass. It is pivoted so that it can 
move freely and is protected by a non- 
magnetic case with a transparent top. 


Only ends of Magnet attract 


Only the ends of the magnet are capable 
of attracting other pieces of iron. The 
centre portion has no effect. If the mag- 
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net is cut in two, the situation is the 
same. The two ends will attract, but the 
centre will not. 


This device works because the Earth 
behaves as though it has an enormous 
bar magnet inside it with its ends under 
the Poles, its south pole somewhere 
underneath the Earth’s magnetic North 
Pole. This south pole attracts the north- 
seeking pole of the magnet. 


Magnetic Field 


Every magnet has a magnetic field pass- 
ing through it and surrounding it. The 
Earth has a magnetic field similar to that 
of an enormous bar magnet. 


The lines of force are the paths that 
would be followed by a small north pole 
if it were free to move in a magnetic 


Within the magnetic field, those iron field. The small north pole would start 
filings sprinkled on the paper covering at the north pole of the magnet and be 
the magnet arrange themselves in an attracted across to the south pole. A 
orderly pattern. Outside the field, they small compass can be used to trace out 


are haphazardly arranged. such a line of force. 


A simple Theory of Magnetism 


An ordinary piece of iron is made up of small magnets joined end to end in closed rings 
so that there are no spare unattached ends. Each magnet has neutralised the effect of 
its neighbours. 
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In a magnet, the rings of magnets have been drawn into lines. At one end of a line there 
is a free unattached north pole which is free to attract iron outside the magnet itself 
At the other end is a free south pole. 


A weak magnet can also be made by 
placing the piece of iron in line with the 
Earth’s magnetic field, i.e. in a north- 
south direction and hammering it. The 
rings of small magnets are broken and 


lined up by the Earth’s field. 
HAMMERING 
MAKES WEAK 
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Simple Ways of making Magnets 


Weak magnets can be made by repeatedly stroking a piece of iron with one end of a magnet. ie 


The stroking must be always in the same direction. This has the effect of breaking the 
closed rings and dragging the small magnets into line. Soft iron is easier to magnetise 
than hard steel. 


MAGNET 


Destroying Magnets 


HEATING 


STROKING 
WITH 
ONE MAGNET 


write BANGING 
TWO 
MAGNETS 
Heating and banging both disrupt the 
straight chains of small magnets, jerking 
them back into their ring formations. 
The magnet becomes an ordinary piece 
of iron. 
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Magnetism and Electricity 


When an electric current is passed 
through a coil of wire, the coil behaves 
just as though it is a bar magnet. Its 


lines of force are similarly shaped. The 
strength of this magnetic field depends 
on the size of the current passing 
through the coil and the number of 
turns of wire there are in the coil. 


The left-hand rule is used for deciding 
which end of the coil is the north pole 
and which end is the south pole. The — 
left hand grasps the coil so that the 
fingers point in the direction of the 
electron flow. (This is from negative to 
positive, i.e. the opposite direction to 
the conventional current flow.) The — 
thumb points towards the north pole. 


Ferro magnetism. |ron, cobalt and nickel are all strongly attracted 
by magnets. They are called ferromagnetic materials. When a 
bar of ferromagnetic material is suspended in a magnetic field, it 
comes to rest with its length parallel to the magnetic field. 

All substances are magnetic to some extent. They fall into two 
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The strength of the magnetic field of a 
coil of wire is increased by putting a 
soft iron core inside it. The soft iron is 
quickly magnetised by the field passing 
through it. Coil and core are together 
known as an electromagnet. Almost as 
soon as the current is switched off it 
loses its magnetism. Electromagnets 
can be extremely powerful — powerful 
enough to lift large heaps of scrap iron 
and can be switched off at will. Electro- 
magnets are used in the electric motors 
and generators of many pieces of elec- 
trical apparatus. 


CURRENT 


Whenever a wire is moved so that it 
cuts lines of force in a magnetic field a 
voltage is set up in the wire. If the wire 
is in a circuit, then as long as the lines 
of force are being cut, an electric 
current will flow round the circuit. In 
practice, electromagnets provide the 
magnetic field and many wires cut the 
lines of force to provide the electric 
current. A motor is the reverse of a 
generator. A current passed round a 
coil in the field of an electromagnet 
makes the coil rotate. 


Manufacture of Permanent Magnets 


Permanent magnets are usually made 
from steel or alloys of iron which do not 
lose their magnetism easily. 


IN LINE 


PARAMAGNET 


suspended. 


FLOW OF 
CURRENT 


The steel is placed in the field of an 
electromagnet in such a position that 
the small magnets within it are dragged 
into lines and the steel is magnetised. 


RPENDICULA 
TO FIELD 


groups, paramagnets and diamagnets. Paramagnets (which in- 
clude ferromagnets) line up parallel to the magnetic field. 
Diamagnets come to rest with their length cutting across the 
lines of force, i.e. at 90° to the magente 


eld in which they are 


TECHNOLOGY 
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HE compressed mixture of petrol 

vapour and air in the cylinders 
of a motor car engine is ignited and 
exploded by an electric spark leaping 
across a gap (about one-fortieth of 
an inch wide) between two points on 
the sparking plug. 

To produce a spark it is necessary 
to have a high-voltage electrical supply 
—the 6 volt or 12 volt battery on 
its own cannot drive a spark through 
the air (a bad conductor of electricity) 
in the gap of the sparking plug. 
By some means the voltage has to be 
stepped up to several thousand volts. 
On practically all modern cars this 
is achieved by means of an ignition 
coil system. 


Coil Ignition 

The ignition coil is essentially a 
step-up transformer. But since a 
transformer only functions with alter- 
nating or fluctuating currents and the 
battery delivers a direct current it is 
necessary to interrupt the battery 
current on its way to the coil by 
means of a mechanical switch. This 
switch, known as a contact breaker, is 
inserted in the primary circuit of 
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the ignition coil. The secondary, or 
output, circuit of the coil is con- 
nected via the distributor to the spark- 
ing plugs. 

With the contact breaker closed, a 
low-voltage current from the battery 
flows through the primary winding 
and sets up a magnetic field around 
the windings. When the contact brea- 
ker opens, the current flowing through 
the primary winding suddenly falls to 
zeroandinducesa high-voltage current 
in the secondary winding. The voltage 
of a 12 volt battery can thus be built 
up to about 20,000 volts and it is this 
high voltage that causes a spark to 
jump across the spark gap. 

The primary winding of the igni- 
tion coil has a few hundred turns of 
comparatively thick wire and is in 
circuit with the spring loaded con- 
tact breaker which is opened by a 
cam mounted on a spindle. This 
‘distributor spindle’ is driven half as 
fast as the crankshaft. Because the 
four cylinder engine requires four 
sparks during two crankshaft revolu- 
tions, the contact breaker has to open 
four times. Thus, the cam must be 
provided with four lobes or humps. 


IGNITION SYSTEM 


The secondary winding has several 
thousand turns of comparatively fine 
wire and one end of this winding is 
connected to the primary winding. 
The other end of the secondary 
winding is connected to the distributor 
cap by means of a heavily insulated 
cable known as an H.T. (high-ten- 
sion) lead. 

Both the primary and secondary 


(Left) Cutaway 
view of a sparking plug. 
(Right) Cutaway 

view of an ignition coil. 
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(1) When a permanent magnet moves 
through a coil of wire, an electric current 
is induced in the wire, because the 
magnetic field around the magnet cuts 
across the wires of the coil. 

(2) A coil of wire carrying an electric 
current creates its own magnetic field, 
similar to that produced by the per- 
manent magnet. 

(3) A coil of wire, called a primary coil, 


BATTERY 


windings are wound on a laminated 
iron core (2.e. a core built up of iron 
strips) which strengthens the magne- 
tic field produced by the windings. 
The primary winding is wound on the 
outside of the secondary winding 


Circuit diagram of the ignition coil. Both 
the primary coil and the secondary coil are 
wound on the same iron core. 


(mainly to keep the primary winding 
cool) and the ends of the winding are 
connected to two points known as L.T. 
(low-tension) terminals. The distribu- 
tor, as its name suggests, distributes 
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The Principle of Electrical Induction 


has an electric current passing through 
it. This coil is placed inside another coil 
called a secondary coil. If the current 
flowing through the primary coil is 
switched on and off, then a current will 
be induced in the secondary coil also, 
because the changing magnetic field of 
the primary coil (just like a moving 
magnet) cuts through the windings of 
the secondary coil. 


' 
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the high-voltage current to the sparking 
plugs in the correct firing order. 
The distributor cap, usually a bake- 
lite moulding, has round its inner 
surface, four fixed brass electrodes 
which are connected by H.T. leads to 
the four sparking plugs (i.e. one for 
each cylinder). 

The high-voltage current is led 
from the ignition coil via the H.T. 
lead and a carbon brush to a rotor arm 
attached to the distributor spindle. 
This rotor arm has a brass strip which 
rotates close to the electrodes (the 
high-voltage current jumps the-small 
gap) which, in turn, convey the high- 
voltage current through the H.T. 
leads to the sparking plugs. 

A capacitor (condenser) is fitted 
close to, and connected across, the 
points of the contact breaker; its 
purpose is to reduce the sparking 
across the contact breaker points, 
thus minimizing the burning and 
‘pitting’ of these points. The capacitor 
also enables the primary current to 
fall more rapidly to zero, thus pro- 
ducing a higher voltage in the secon- 
dary winding. 

The contact breaker consists of 
one ‘earthed’ contact point carried 
directly on the stationary base plate. 
The cam-operated contact point has a 
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Simplified picture of the low tension (low 
voltage) part of the ignition system. 
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OF CIRCUIT 


fibre ‘heel’ which is moved to-and- 
fro by the rotating cam. This point 
is carried on an insulated spring 
which is connected to the L.T. 
terminal of the distributor and is 
thus included in the primary circuit. 

The ignition switch on the dash- 
board enables the battery current to 
be switched on or off as required. 


Operation 


With the ignition switched on and 
contact breaker points closed, current 
from the battery flows through the 
primary winding thus creating a mag- 
netic field around the windings. The 
rotating cam opens the contact-brea- 
ker points; current ceases to flow in 
the primary winding and the collaps- 
ing magnetic field cuts through both 
the primary and secondary windings. 
A high-voltage current is induced in 
the secondary winding because of its 
large number of turns of wire. This 
high-voltage current passes to the 
rotor arm and distributor cap elec- 
trodes via the H.T. lead and carbon 
brush, then across the points of the 
sparking plug in the form of a spark. 
To complete the circuit the current 
goes back to the coil windings via the 
chassis frame, battery and ignition 
switch. 


FORCES 


The Inclined Plane 


HE purpose of a machine is to use 

energy to good advantage in doing 
work. In general the machine pro- 
vides an easier way of doing the work, 
but in no instance can more work be 
got from the machine than is put into 
it. Previous articles on Levers and 
Pulleys have shown that it is possible 
to raise large masses by the applica- 
tion of comparatively small forces. 

The inclined plane is yet another 
means of raising a large mass easily. 
It is particularly useful for loading 


A roller incline reduces the friction when 
rectangular boxes are to be loaded. 


barrels and drums since they can be 
rolled up the incline. This method is 


frequently used nowadays for loading. 


barrels of beer onto a brewer’s drag 
but was formerly used more exteg 
sively. The inclined plane must havé 
been one of the few machines avail- 
able in ancient times—for instance the 
early Egyptians used inclines on a 
grand scale in the construction of the 
Pyramids. 

If the plane is at a steep angle a 
greater force will be required to move 
the load than if the plane is only tilted 
slightly. However, the total work re- 
quired to raise the load through the 
same vertical distance will be the same 
irrespective of the angle of inclina- 
tion of the plane. But in addition 
work has to be done to overcome 
the frictional forces between the load 
and the plane, and these are reduced 
as the angle that the plane makes 
with the horizontal is increased. 


The velocity ratio of any machine 
may be found by dividing the dis- 
tance through which the effort moves 
by the vertical distance through which 
the load is raised. As with all other 
machines the velocity ratio of an in- 
clined plane is calculated from 
its dimensions. The distance through 
which the effort moves is the distance 
it moves along the plane, while the 
distance through which the load is 
raised is the vertical distance through 
which it is lifted up. 

Since frictional losses have a much 
greater effect on the efficiency of 
the inclined plane than with other 
machines (particularly pulleys), there 
is little advantage to be gained from 
calculating the mechanical advantage 
(load/effort) from theoretical consi- 
deration. Rather, the mechanical ad- 
vantage may be found experimentall 
and used as a means of estimating th 
magnitude of the frictional force. 

The rolling friction experienced when! 
loading barrels (and other objects of 
circular cross-section) is small com 
pared with the sliding friction whicht 
must be overcome when rectangular 
boxes are being pushed (or pulled) 
an incline. It is for this reason th 
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The inclined plané™ 
used most frequently as 
an aid to loading barrels. 
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effort distance 
load distance 


ia 8 feet _ 
~ 2 feet 


Thus if there were no frictional resi- 
stance a load of 100 Ib could be pushed 
up the plane by an effort of 25 Ib. But 
in practice the effort could be between 
35 Ib and 45 Ib depending upon the 
nature of the surfaces. 
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Velocity ratio 


the inclined plane has been used for 
many years for loading barrels. Quite 
recently, however, the extra work 
needed to load boxes was considerably 
reduced by the introduction of in- 
clined planes incorporating metal rol- 
lers. Here again the friction force has 
been reduced by changing sliding fric- 
tion into rolling friction. 


| OPTICS | 


POLARIZATION 


IGHT is a form of wave motion, 

but as it travels at such a high 
speed (186,326 miles per second) it is 
not possible to observe the way in 
which the moving waves vibrate. 
However, a series of experiments has 
shown that the waves vibrate at right 
angles to the direction of the light 
beam, and because of this light is said 
to consist of transverse waves. 
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The vibrations in the cord will only pass 
through the narrow gap in the railings uf 
the vibrations are parallel to the individual 
rails. Thus an up and down vibration ts 
transmitted through the vertical railings, 
but is stopped by the horizontal ones. 


Since the vibration of light waves 
cannot be seen, it is convenient to 
see how other visible transverse waves 
vibrate. Such waves may be set up 
in a length of cord by repeatedly 
moving one end up and down (2.e. at 
right angles to the cord). The vibra- 
tions in the cord will pass through a 
narrow gap provided the longest axis 
of the gap is parallel to the direction 
of the vibrations. Thus if the cord is 
- vibrating up and down, the motion 
will be transmitted through a vertical 
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gap. However, if the cord also passes 
through a horizontal gap the vibra- 
tions cannot pass through this. 

The cord in this example can only 
vibrate in one plane (at right angles 
to the direction of travel). But an 
ordinary beam of light consists of a 
great number of individual waves 
which are vibrating in different direc- 
tions (all at right angles to the light 
path). But under certain conditions 
it is possible for all the vibrations in 
a beam of light to be confined to one 
plane at right angles to the beam. 
Such a beam is said to be polarized. 

Certain crystals, in particular trans- 
parent crystals of calcite (a form of 
calcium carbonate) known as Iceland 
Spar, have the property of polarizing 
light. The ability of such crystals to 
polarize light can be tested by passing 
a ray of light through two crystals of 
the substance. Each crystal can be 
thought of as containing a number of 
very narrow slits parallel to each 
other. These ‘slits’ are so narrow that 


VIBRATIONS IN 
ALL DIRECTIONS 


only the waves whose vibrations are 
parallel to the slits can pass through. 

Thus the light emerging from the 
first crystal is made up of waves whose 
vibrations are almost all parallel with 
one another. The passage of light 
whose plane of vibration does not 
correspond with the favoured plane 
is stopped. If the second crystal is 
arranged so that the ‘slits’ are parallel 
with those in the first crystal the 
polarized light leaving the first crystal 
will pass through the second crystal 
also. But if the second crystal is then 
rotated, the amount of light trans- 
mitted will be reduced until a point 
will be reached (at right angles to the 
first position) when no light is trans- 
mitted through the second crystal. In 
this position the waves of polarized 
light are vibrating at right angles to 
the slits, so the vibrations are unable 
to pass through it. 

Light can be polarized by reflection 
as well as by refraction. In fact the 
French physicist E. L. Malus (1775- 
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ONE PLANE ONLY 


LIGHT STOPPED 
IF SLITS ARE 
CROSSED 


NO LIGHT EMERGES SO 
ANALYSER IS AT RIGHT 
ANGLES TO PLANE OF 
POLARIZATION 


ROTATED 


NO LIGHT. 
EMERGES 


sopium 
LAMP 

The plane of polarization of the sodium light from the polarizer is rotated as it passes 
through a solution of an ‘optically active’ substance such as sucrose. The extent of 
the rotation is determined by rotating the analyser until no light reaches the observer. 


The ‘slits’ in the analyser are then at right angles to the final plane of polarization. 


1812) discovered this property of light 
after observing sunlight reflected from 
windows. Malus’ discovery can best 
be illustrated by means of a simple 
experiment. Two mirrors are arranged 
parallel to each other, forming a 
kind of periscope. When one of the 
mirrors is rotated it is found that the 
amount of light reflected from the 
second mirror gradually decreases to 
a minimum (it disappears completely 
in one particular position—but this is 
very difficult to attain) and then in- 
creases again. What is happening is 
that on reflection at the first mirror 
the vibrations in all but one plane are 
absorbed. In other words, the re- 
flected beam is polarized. How com- 
pletely the light is polarized depends 
on the angle of incidence. 

As the proportion of light reflected 
from a surface is quite small, this is 
not a very profitable method of ob- 
taining polarized light, so light 
is usually polarized by refraction. One 
quite satisfactory polarizing medium 
has been manufactured and is marketed 
under the ‘Polaroid’ trade name. It 
comprises a cellulose nitrate film con- 
taining very small crystals of iodo- 
quinine sulphate. In manufacture, 
these tiny crystals are made to line 
themselves up in one direction so that 
they behave like crystals of Iceland 
spar. 

‘Polaroid’ discs can be used to pro- 
duce polarized light in much the 
same way as with other polarizing 


media. If ordinary light enters the 
film, the light emerging is polarized 
—almost all vibrations at right angles 
to the favoured direction have been 
absorbed. That the light has been 
polarized can be shown by rotating 
a second ‘Polaroid’ disc in the path 
of the light emerging from the first. 
As the second disc is rotated a point 
is reached where virtually no light is 
transmitted—the greatest amount of 
light is transmitted when the disc is 
at right angles to this position. Pola- 
roid has many uses, not the least of 
which is in sun glasses. With these 
the glare caused by the sun’s light 
being reflected from the road or water 
surfaces, etc., is considerably reduced. 
The reflected light is already polarized 
so that only that portion of the light 
which is polarized in the favoured 
direction is transmitted through the 
‘Polaroid’ disc. 

Solutions of various sugars, includ- 
ing cane sugar (sucrose) and of certain 
other organic substances have the 
property of rotating the plane of polari- 
zation of light passed through them 
(see diagram). The extent of the 
rotation is measured with an appara- 
tus called a polarimeter or saccharimeter. 
This comprises a source of monochro- 
matic (one coloured) light—usually 
a sodium lamp, a means of polariz- 
ing the light (a polarizer), a tube to 
hold the sample, and a means of 
checking the plane of polarization (an 
analyser). 


To use the apparatus the tube is first 
filled with water, the lamp switched 
on and the analyser rotated until no 
light is seen to emerge from it. The 
polarizer and analyser are then said 
to be crossed. The water in the tube 
is then replaced by the solution under 
test. The analyser is again rotated 


until it is again crossed, and the 
angle through which the plane of 
polarization has been rotated is then 
noted. Some substances (e.g. d-glu- 
cose, grape sugar) cause the plane of 
polarization to rotate in a clockwise 
or right-handed sense. These are said 
to be dextrorotatory. Laevorotatory sub- 
stances (/-fructose, ‘fruit’ sugar) cause 
the plane of polarization to be rotated 
in an anti-clockwise or left-handed 
sense. Such information provides clues 
to the structure of these compounds. 
The amount of rotation indicates the 
strength of the solution. 
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Domestic 


LTHOUGH there are many dif- 

ferent makes of refrigerator on 
the market, each with its own spe- 
cial modifications, practically all of 
them fall into two types. The vapour 
compression system is by far the most 
common as it is the most efficient for 
household-sized refrigerators. These 
work on the principle that if a vapour 
is compressed it becomes a liquid. 
When the pressure is released by 
allowing the liquid to escape through 
a fine nozzle it becomes a vapour 
again and in doing so becomes much 
colder 

Such cooling always takes place 
when liquids evaporate. If a drop of 
petrol is placed on the back of the 
hand it does not take long to evapo- 
rate, leaving the hand cold and 
numb. In the same way, milk can be 
kept cool by putting a damped mus- 
lin cloth over it. As the water eva- 
porates it cools the milk. The reason 
for this cooling is that when a liquid 
becomes a vapour the closely packed 
molecules of liquid have to be sepa- 
rated so that they are a consider- 
able distance away from each other. 
Energy is used up in separating the 
molecules which become colder be- 
cause of this energy loss. The heat 
needed to bring about this change 
from liquid to vapour is called latent 
heat of vaporization. Some liquids need 
more heat than others to bring about 
the change, 7z.e. they have a high 
latent heat. Hence the higher the 
latent heat, the greater the cooling on 
vaporization. For this reason, a liquid 
with a high latent heat makes a good 
refrigerant. 

Heat always tends to flow from a 
hot place to a colder place in an 
attempt to level up the two tempera- 
tures. So heat flows from the storage 


CHLORINE 


Refrigerators 


compar = f 
warm the very*ctold vapou 
quently the food itself becomes colder. 
A typical vapour compression refriger- 
ator uses a liquid known as ‘arcton’ 
12 or ‘freon’ 12 as its refrigerant. The 
correct chemical name is dichlorodi- 
fluoromethane, CCI,F,. This is not 
as formidable as it sounds. It is a 
derivative of methane CH, where 
two of the hydrogen atoms have been 
replaced by atoms of chlorine and the 


Molecule of dichlorodi- 
fluoromethane. This is 
the refrigerant used in 
most domestic re- 
frigerators. 


fluorine. This 

frig ause its latent 
heat is quite high and it is not poison- 
ous—a very important consideration 
if there is an escape of gas. Also it 
does not corrode the metal parts of 
the refrigerator. 

The vapour compression system is 
always electrically driven. The elec- 
tricity is used to operate the compressor, 
which is usually of the reciprocating 
type. The dry vapour is compressed 
so that its molecules are brought in 
closer contact, making it a wet 
vapour. The wet vapour flows on 
from the compressor to the condenser 
where it flows through a coil of 
piping (usually at the back of the 
refrigerator so that the air can circu- 
late around it). Compression has the 
effect of raising the temperature of the 
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Vapour compression refrigeration system. (a) Compressor: refrigerant vapour is compressed. 
(b) Condenser: refrigerant is cooled by surrounding air and liquefied. (c) Expansion valve 
through which liquid escapes and becomes a cold vapour. (d) Evaporator: heat passes 
Jrom the food compartment to warm the cold vapour in the evaporator. 


wet vapour. In the condenser this 
extra heat is given up to the surround- 
ing air and the cooled vapour con- 
denses to a liquid. 

The liquid flows on to the expan- 
ston valve. Here, the high pressure 
built up by the compressor is released 
as the liquid passes through the nozzle 
in the valve into a region of much 
lower pressure. The molecules have 
more room to spread out. The liquid 
becomes a vapour and in consequence 
is very much cooled. It is now a cold, 
wet vapour. 

The cold wet vapour is passed 
through the evaporator inside the stor- 
age compartment. Here the pipe 
carrying the vapour divides into a 
number of smaller pipes so that there 
is a large surface area for heat to flow 
into the cold vapour. This heat comes 
from the contents of the food compart- 
ment which becomes cooler in conse- 
quence. As the vapour takes in heat it 
becomes drier and is ready to undergo 
the whole cycle of operations again. 

Since the evaporator is the coldest 
part of the system it is placed at the 
top of the storage compartment (cold 
air sinks) and the ice-making trays 
are situated inside or directly under- 
neath it. 

The other, less-used type of refriger- 
ator operates on the absorption system 
One part of the system has to be 
heated, but as no compressor is used 
and there are no other moving parts 
which need to be driven, this type 
need not always be electrical. All gas 
refrigerators are of this type. One 


great advantage is that there are no 
moving parts to wear out. 

Ammonia is used as the refrigerant. 
It has the advantage that its latent 
heat is higher than ‘arcton’ 12 but 
the great disadvantage is that it is 
poisonous and also gives off a very 
unpleasant smell if the refrigerator 
springs a leak. It is also more cor- 
rosive than ‘arcton’ 12 and therefore 
the materials have to be carefully 
chosen. 

The absorption system works on the 
principle that a liquid such as water 
will absorb the gas ammonia to form 
a highly concentrated solution. When 
this is heated, ammonia gas comes off 
at high pressure and can then be 
liquefied by cooling. The absorption 
device does away with the need for a 
compressor. 

CONDENSER 
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A typical absorption refrigerator 

When the concentrated ammonia 
solution in the generator is heated, 
ammonia vapour at high pressure 
comes off. The vapour is air-cooled 
and liquefied by the condenser. The 
liquid passes on to the evaporator which 
in this case is a chamber filled with 
hydrogen gas under pressure. The 
liquid ammonia rapidly expands, be- 
comes a gas and cools as it does so. 
This cooling is used to cool the food. 
Heat passes from the food into the 
colder vapour. This is able to expand. 
Because the pressure of the ammonia 
gas is very low (although the total 
pressure of hydrogen and ammonia 
is quite high), the whole system is 
kept at the same pressure. 

In the next stage, the absorber, the 
ammonia dissolves in water forming a 
concentrated solution. A certain quan- 
tity of weak solution that has lost 
most of its ammonia siphons over 
from the generator to level up the pres- 
sures. In doing so the weak solution 
is able to absorb more ammonia. The 
newly formed concentrated ammonia 
solution flows over into the generator 
to be heated by the gas flame and 
release its ammonia. 

The whole cycle continually re- 
peats itself, 

4 


Gas refrigerator run on the absorp- 
tion system. The pressure 1s the 
same throughout and there are no 
moving parts to wear out. Am- 
monia is used as the refrigerant. 
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NATIVE 
COPPER 


Some better known copper ores. 


COPPER 


OPPER was probably the first metal ever to be 

extracted from its ores. It still ranks as one of the 
important metals of the present age. It is in great demand 
for electrical wiring, overhead cables etc., because within 
the range of cheaper metals it is by far the best conductor 
of electricity. 

Copper is mainly found in the form of compounds, but, 
as might be expected of a fairly unreactive metal, it is 
sometimes found as the element itself. There are over 140 
naturally occurring copper compounds but only a few 
of them are important as ores from which copper is 
extracted. Most of them occur only in small quantities. 
Many are compounds of sulphur. This is because the 
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Copper generally has a valency of 2, and forms a series of com- 
pounds known as cupric compounds. From the configuration of 
copper, it would be expected to have a valency of | (one electron 
only in the outer shell). But in fact this series of compounds, 
cuprous compounds, are very unstable. 


copper and sulphur were originally thrown up together 
in volcanic regions. 

Most copper is extracted from copper pyrites, also 
known as chalcopyrite. The raw copper extracted from 
ores is not pure enough for electrical purposes and is 
further purified by electrolysis. A block of impure copper 
is immersed in copper sulphate solution and connected to 
the positive terminal of a direct current electricity supply 
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(i.e. as the anode) and a thin sheet of pure copper is con- 
nected to the negative terminal as the cathode. Copper 
ions drift across the solution from the anode to the cathode 
and while the anode is eaten away the cathode grows as 
pure copper is deposited on it. The impurities either go 
into solution or drop down to the bottom. The gold and 
silver in the mud which collects underneath the anode 
is often sufficient to pay for the refining process. Gold and 
silver are closely related to copper and tiny quantities are 
often found with it. 

Copper is made into a great many alloys of which 
bronze (copper and tin) is probably the best known; it 
is much harder wearing than pure copper. All hard-wear- 
ing copper alloys are now known as bronzes. The coming 
of bronze changed the entire way of life of Stone Age 
man. The new, sharp bronze weapons made the killing 
of animals for food much easier and made organised 
warfare possible. 

Copper has three complete shells of electrons and only 
one electron in its outer shell. From this it would be 
expected to have a valency of one, and in fact copper 
does have a valency of one in a series of compounds known 
as cuprous compounds. Each cuprous ion has lost its outer 
electron, making the ion positively charged. Strangely 
enough cuprous ions are very unstable, for although 
copper should have a valency of one, it prefers to have a 
valency of two. An electron from an inner shell is lost 
as well as the outer one making a cupric (valency_2) i 
Cuprous compounds are very unstable and easily be 
cupric compounds which are much more stable, 

Copper compounds give a greenish-blue coloration 
the flame of a Bunsen burner and most of the sa 
blue in colour. They are also poisonous. For this reason 
copper sulphate solution is used for killing unwanted — 
fungi growing on vines. 

Cupric ions have a tendency to gather round 
atoms of water, both when in solution and y 
crystalline form. This water is loosel} 
crystals of copper sulphate, for example, ar 
water is driven off and the crystal struc : 
Ammonia also. tends to group itself round cup 
Cupric salts will dissolve in ammonia solution to form 
complex cuprammonium compound in which four 


This cuprammonium complex is capable of dissolving : 
cellulose and has been tried as_a means of making rayon. 
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| ELECTRONICS | 


THE GATHODE RAY 
OSCILLOSCOPE 


N order to make the electrons travel 

along the cathode ray tube a vol- 
tage must be applied between the 
cathode and the anode. If the cathode 
is made negative and the anode kept 
at zero voltage then the electrons, 
when they leave the oxide surface of 
the cathode, are attracted by the 
anode and shoot down the tube. 
For this reason the arrangement of 
cathode and anode is usually called 
an electron gun. The anode is made in 


VOLTAGE 

‘TAPPED OFF’ 
BY THIS SLIDIN 
CONTACT VAR 


For the brilliance and focus controls a 
steady voltage is required which can be 
changed by hand when necessary. This can 
be obtained from a resistor with a current 
passed through it as shown. Then the 
voltage will change gradually along the 
resistor and, if a contact is arranged to 
slide along as shown, then the voltage of 
the wire connected to the contact will vary 
from the high to the low value. 


the form of a tube so that it does not 
stop the moving electrons. The elec- 
tron beam is ‘squeezed’ just before it 
reaches the anode so that the electrons 
form a narrow beam which passes 
along the middle of the tube. The 
squeezing is brought about when its 
electrons pass from a ‘focusing anode’ 
to the anode proper. This focusing 
anode is a hollow cylinder whose 
voltage is kept negative compared 
with that of the final anode. The 
greater its difference in voltage be- 
tween its focusing anode and the final 
anode the more will the electrons be 


forced into a narrow beam. Hence all 
that is needed to control the focus is 
a resistor with a sliding contact on it 
as shown, varying the voltage. 

The brightness (more usually called 
the brilliance) of the spot depends on 
the number of electrons in the beam. 
This can be controlled in just the 
same way as the focus, as described 
on page 672. The number of electrons 
which get through depends upon the 
voltage of the ‘grid’. In this case, 
however, in order to stop electrons 
getting through the grid, its voltage 
must be much more negative than 
for focusing. The only other essential 
tube controls are the X and Y shifts 


The full circuit diagram for the tube 
controls of a cathode ray oscilloscope. 
The circuit for the X and Y shifts has 
been explained on page 727. As always 
in a practical circuit extra resistors (and 
sometimes capacitors) must be added to 
ensure that the components are working at 
the correct voltages and also that unwanted 
varying voltages are passed to the earth 
line (which 1s at zero voltage). For this 
reason, and in order to ensure that the X 
and Y shifts will just move the spot from 
one side of the screen to the other, the resis- 
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je block diagram for the controls 


tors shown here in orange are arranged 
on either side of the shifting device. The 
high tension (H.T.) voltage 1s obtained 
JSrom a power rectifier (which is worked 
Srom the normal electric mains) of the type 
described on page 366. In order to accelerate 
the electrons a very high voltage is needed. 
The voltage from the power rectifier may 
not be the best one for the working of the 
tube. For this reason the resistor shown in 
green 1s included in the circuit to reduce 
the voltage, making it the optimum value 
Sor the tube. 
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The full circuit of a simple cathode ray oscilloscope. This shows 
how the time-base, synchronization control, flyback quench and the 
amplifiers and direct lines to the X and Y plates are connected. 
Using a selector switch one side of the X plates can be connected 
either to the time-base or to the direct X line or the X amplifier. 
The other X plate is connected to a constant voltage. Hence it 
always has an opposite charge on it to the left-hand plate. The 
flyback quench is connected to the grid to make it very negative 
during the flyback period to stop the beam. The synchronization 
control ts connected to the Y plate and works as explained on page 
718. One Y plate needs to be connected either directly to voltage 
pulses or to the Y amplifier. This 1s done by changing the two- 
way selector switch. 

It is important to show only oscillations of voltage (1.e. voltage 
changes which periodically return to their original value), and not 
steady voltages, either negative or positive. If a steady voltage 
as well as the oscillation were applied to the deflection plates 
then the steady part could easily drive the spot completely off 
the screen, preventing the oscillating part (which is usually of 
more interest) from being displayed. Hence the blocking capaci- 
tors shown are included in the circuit. Capacitors allow only varia- 
tions in voltage to pass and prevent the spot from being perma- 
nently shifted off the screen. The capacitor which 1s shown 
connected to the X plate does the same job in keeping the plate 
earthed since, although the X plate is connected to the H.T. 
terminal, the voltage on the plate is zero; a steady high voltage 
cannot pass through the capacitor. 

The time-base and amplifier valves all need power to operate 
them. This comes from the positive H.T. line which is kept at 
its high voltage by another power rectifier (or, more often, another 
part of the same one used to supply the very high voltage for the 
tube controls). It is essential uf the valves are to work steadily that 
their anodes should be kept at a constant voltage. But the time- 
base and the amplifiers usually have pulses passed into them and 
these could be passed from one component to the other. This ts 
avoided by providing a path for any pulses which have been passed 
on to the H.T. line so that they can reach the earth line in pre- 
ference to the next part. This 1s done by inserting a capacitor 
between earth and part of the anode resistance. The separated 
components are then said to be decoupled. 
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(Right) Full circuit diagram of a radio- 
Srequency amplifier. This is described in 
part of the article on pages 339-341. 


which apply a steady voltage to the X 
and Y plates giving the spot a steady 
deflection. Quite a small voltage on 
the deflection plates will move the 
spot across the screen so the voltage 
across the shifts need be only quite 
small. It can now be seen why the 
control components are arranged in 
the particular way they are. The 
brilliance control needs a high nega- 
tive voltage so it is connected near to 
the negative high voltage terminal; 
the focusing control comes next since 
it also needs a large negative voltage 
(but not so large as that of the bril- 
liance control) while the X and Y 
shifts which need only a small voltage 
are connected last. 

For the second group of controls 
needed for the deflection plates, a 
direct connection is needed between 
a terminal on the front of the instru- 
ment and the particular plate. How- 
ever, to move the spot, the voltage 
applied to a plate must be of a certain 
size and, quite often, the oscillating 
voltages which are fed into the in- 
strument are not large enough. Hence, 
two amplifiers are included and ar- 
ranged so that, if necessary, pulses to 
each pair of plates can be amplified 
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(increased in size) before they reach 
the plates. 

Pentode valve amplifiers are used 
since they give a larger amplification 
than those using triode valves. For 
the X plates the pulses from a time- 
base are usually required, so provision 
must be made for connecting a time- 
base circuit to the X plates. Hence 
a 3-way switch from one of the X 
plates is arranged with possible con- 
nections to (1) the time-base, (2) the 
X terminal on the front of the instru- 
ment through the amplifier and (3) 
the X terminal direct. Also, as men- 
tioned on page 694, a flyback quench 
and a synchronization control are in- 
cluded as part of the time-base circuit. 

There are many modifications 
which can be made to this simple 
cathode ray oscilloscope to improve it 
and increase its versatility. Yet even 
this simplest form of oscilloscope has 
a property which no other scientific 
instrument can match—it can show 
the shape of a rapidly repeated, regu- 
lar voltage pulse. 

By using special circuits, pulses of 

nly —___—_— of a second dura- 
1,000,000,000 
tion may be displayed, and examina- 
tion of the trace can tell us the dura- 
tion and size of the pulse. 

The invention of the oscilloscope 
has played an enormous part in the 
development of modern science. 


(Below) Full circuit diagram of a time-base. This 1s described on page 684. 
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The Working Properties of Metals 2 


Hardness 

Hardness is defined as resistance to 
indentation. It is tested quite simply 
by pressing a ball-bearing or a 
pyramid shaped diamond indenter 
into the surface of the metal. 

In practice, the hardness number 
does not need to be worked out. The 
indent diameter or the diagonal is 
measured using a microscope and the 
hardness number is obtained from a 
chart. Ordinary mild steel has a hard- 
ness number of about 200, soft brass 
about 100, and pure aluminium only 
about 20. Hardened steel has a hard- 
ness number of 700 to 800, and certain 
cutting tool materials 1,200 or more. 

The most important point is that a 
metal can only be cut by a substance 
harder than itself. Cutting tools must 
therefore be made of the hardest 
steel or from metallic carbides (such as 
tungsten carbide) which are harder 
still. To shape these tools we must use 
even harder materials such as silicon 
carbide or aluminium oxide. These are 
formed as crystals in an electric furnace 
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broken china can be stuck together 
again with hardly a sign of the frac- 
ture. 

Brittleness is very important in 
engineering because brittle materials 
do not yield—they break without 
warning. On the other hand, brittle 
materials are usually stiff and suit- 
able for structures which must be 
very rigid. Metals which are cast 
(i.e. made by pouring liquid metal 
into a mould) are often brittle. This 
is due to the formation of a particular 
kind of crystal structure from the 
liquid metal as it cools. Cast iron 
is probably the most common brittle 
metal. It is cheap to make and can 
be cast into complicated shapes 
including thin sections. Because of 
its strength and rigidity it is widely 
used for machine tool beds which 
must remain very accurate through- 
out their life. Even so, it can easily 
be broken because it is brittle and 
special care must be taken in clamp- 
ing and handling castings. Brittle 
metals used in castings cannot be 
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The hardness number is defined as the ratio LOAD : SURFACE AREA OF INDENT. 
The load (W) ts measured in kilograms and the area 1s measured in square centimetres. 
In practice the diameter (d) of the indent is measured and the hardness number is found 


from a chart. 


and are afterwards made into grinding 
wheels. Sometimes diamonds must be 
used to cut really hard metals, for 
there is no other way of giving them 
a smooth, keen, cutting edge. 

It is necessary to have hard metals 
to resist wear. The motor car engine 
has many hardened parts and the 
ball-bearings in a bicycle, for example, 
have to be hard. The only way to 
finish steel parts is by grinding, and 
this is another example of how work- 
shop methods depend on_ the 
properties of metals. 


Brittleness 
Materials which are brittle break 
without deforming. For instance, 


bent or deformed in any way, so 
all those metalworking operations 
which involve deformation are use- 
less here. Only machining is possible. 
Cast iron can be treated to remove 
brittleness but is still not as ductile 
as other materials. Many metals 
are made hard and brittle by heat 
treatment and then only grinding is 
possible. Brittle metals will often 
fracture due to a blow or fall and 
are prone to the formation of cracks. 

These examples show how the 


(Left) Fracture of a DUCTILE metal. 
(Right) Fracture of a BRITTLE metal. 
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Apparatus for testing the hardness of a 
metal. A shaped ‘indenter’ 1s pushed into 
a specimen of the metal by a force recorded 
on the dial. Afterwards the diameter of 
the indent 1s measured. 

properties of metals are connected 
with the way they are made and the 
workshop processes which can be 
performed on them. Black steel bar 
and plate is hot rolled and is usually 
a soft form of the metal. Bright metal 
stock has been cold rolled or drawn. 
It is clean and accurate but may not 
be easy to deform. Castings, whether 
rough surfaced from sand moulds or 
smooth from metal moulds, are 
nearly always unsuitable for deform- 
ing processes. In addition, each metal 
has characteristic properties of its 
own. Copper is always soft, tough, and 
ductile, but its alloy—brass (copper 
and zinc)—can be either ductile or 
brittle, and another alloy—bronze 
(copper and tin)—can be as tough 
and springy as steel. Each metal has 
to be chosen to be just right for its 
job. Manufacturers use specifications 
which state quite clearly the composi- 
tion and properties of the metal. To 
be successful in the workshop the 
engineer must know these properties 
and be able to deal with each metal 
in the best way. 


(Left) The structure of grey cast tron. 

Dark lines are plates of graphite (carbon) 

which make cast tron far more BRITTLE 

than steel. 

(Right) The structure of steel as seen through 

a microscope. It contains very little carbon. 
‘eel a 
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"THE adaptations that make a 

flowering plant so well fitted for 
life in a particular place are probably 
not so obvious as those of an animal. 
Animals move about, they can be ob- 
served doing things, using their special 
structures as they go about their 
- everyday tasks. Nevertheless there are 
many clear outward signs of a plant’s 
adaptations and its activities: such as 
when the air is filled with the downy- 
white ‘chutes’ of Thistles and Dande- 
lions; the sight of hundreds of Syca- 
more ‘keys’ winging their way to 
earth as they drift in the wind or 
that of Holly and Hawthorn trees 
covered in conspicuous red fruits. All 
these show that the plant has fulfilled 
its task of producing seeds—seeds con- 
taining the embryos, some of which 
will grow into new plants and which 
in turn will produce their own seeds. 
They thus ensure that their race will 
survive. 

The seeds of wild plants run many 
risks and most of them do not have 
a chance to germinate, which is 
why most plants produce such large 


numbers. If those that germinated ,» 


merely fell beneath the parent plant 
their chance of survival would be 
small. Animals could easily find such 
accumulations and devour them, / 
seedlings produced would be over? | 
crowded, competing with one another 
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Dispersal by Wind—‘Censer mechanism’. (a) Poppy capsule. (b) Capsules of Snap- 
dragon. (c) Campion capsules. (d) Nigella (Love-in-a-mist) capsule. 


for water, light, air, etc., and disease 
would spread rapidly among them. 
Also the plant species would not 
spread and colonize more distant 
areas with its own kind. It would 
thus live in a limited area only and 
be subject to complete extinction if 
some local catastrophe occurred. The 
fact that seeds are scattered or dis- 
persed—sometimes to great distances, 
sometime§$ to a few inches only—by 
a variety of devices considerably in- 
€reases their chances of success. 

The seeds alone may be dispersed 
or they may be carried within the 
fruit. Many are dispersed by wind or 


by air currents, being’very small and 


light,like the seeds of Orchids and 
Foxgloves or having ‘wings’ like the 
Pine or the fruits of 
the Ash, Maple, Elm and the Syca- 
more. Other plants such as the Dan- 
Milkweed, Clematis (Old 
Man’s Beard), Willowherb, Cotton, 
Willow and Poplar have seeds or 
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fruits with hairy outgrowths that act 
as parachutes. Such devices enable 
fruits and seeds to remain airborne 
for great distances, often many miles. 
‘Wings’ are not so effective, though 
the number of plants that possess 
winged seeds or fruits is a testimony 
to their efficiency. 

Plants such as the Poppy, the Bell- 
flowers (e.g. Harebell), and Campions 
have so-called ‘censer-mechanisms’. The 
seeds are contained in a capsule (the 
fruit) which opens by way of pores or 
teeth, or which may split length- 
wise. In the Harebell, which has 
hanging fruits, the seeds are ejected 
through the pores of the capsule as it 
sways in the breeze; the lightest breeze 
is sufficient to do this. The capsules 
of the Poppy and the Pink are borne 
at the end of stiff but flexible stalks. 
The seeds are catapulted out of the 
capsules when the stalks recoil to an 
upright position, having been bent 
over by the wind. 

Relatively few plants have fruits 
or seeds adapted for dispersal by 
water. This is mainly restricted to 
those that live near or in water. Such 
are the Coconut Palm, Alder and 
Water Lily. A coconut (strictly a 
drupe, see pages 740-741) has a thick 
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Explosive or 


fibrous outer covering —the coir which 
is used to make coconut matting and 
which has been removed from coco- 
nuts that are sold in the shops. This 
outer layer is light and buoyant and 
enables the coconut to be carried 
many miles by water. The ancestral 
home of the Coconut Palm is thought 
to be Malaysia and it is probable that 
the plant became established on the 
East coast of Africa and in many 
tropical islands because the fruits 
were distributed by ocean currents. 

The seeds of the Water Lily and 
Alder have a spongy covering, the 
aril, containing numerous tiny pockets 
of air. This enables them to float 
considerable distances. 

Animals play a vital part in dis- 
tributing seeds. Many plants have 
brightly coloured fruits that are fleshy 
and so made attractive to animals. 
The seeds are usually protected by a 
hard covering. The hard part of the 
fruit containing the seed may never 
be swallowed. The fleshy part may 
merely be nibbled or pecked at—and 
the hard interior dropped. 

In Mistletoe the flesh of the fruit 
is sticky and adheres to the beak of 
the birds that feed on it. A bird often 
scrapes the remains of its meal off on 
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hooks. Such structures a 


o~ es ‘ 
ropulsive mechanism. (a) Fruits of Stock shown before and after 
splitting. (b) Pods (legumes) of Laburnum. (c) Capsule of Violet before and after 
splitting. (d) Balsam capsule before and after splitting. 


a tree branch and in so doing the 
Mistletoe seed is conveniently sited 
for the developing seedling to attach 
itself to the plant on which it lives. 
On the other hand, it may be that 
the whole fruit is swallowed, and 
though the fleshy part is digested, the 
seed may pass unharmed through the 
digestive system—and be deposited 
with the faeces at some other place. 
However, the hard covering may be 
softened so that the seed germinates 
much more readily. Of course many 
seeds are actually digested having 
been broken up by the powerful teeth 
of mammals, for example, or by the 
beaks and the muscular gizzards of 
seed-eating birds. 

The fleshy part of a fruit may 
develop from various parts. In drupes 
(e.g. Cherry, Holly, Plum, Apricot) 
and berries (e.g. Grape, Mistletoe, 
Orange) it is formed from the ovary 
wall (these are all érue fruits). In pomes 
(e.g. Apple), the Strawberry, and the 
Rose hip, the flesh is formed from the 
very swollen receptacle (these are 
Jalse fruits). 

Occasionally the seed itself may be 
fleshy. In the Yew and the Spindle 
tree the seed coat is enclosed in a 
brightly-coloured structure, the aril. 
This develops after fertilization. 

Castor Oil and Gorse seeds hav 
small, fleshy, oil-containing bodies% 
developed at one end. Apparently thay 
oil is attractive to ants which play a 
major part in the dispersal of the 
seeds. 

Many fruits and seeds adhere g@ithe 
coats of passing animals by t 


Animals are important 

agents of seed and fruit dis- 
persal. (Above) A Mistle (y 
thrush wipes the remains of 

a sticky Mistletoe fruit off 

its beak on to a branch. ne yj 
(Below) A Goldfinch shakes ie / 
off some of the fruits from a J 
Plantain while consuming YS 
others; a Squirrel with a Se 
Hazel nut; an Ant carries \ 
off a Gorse seed. 
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Nightshade the fruits are hooked. The 
upper part of the receptacle in Agri- 
mony is hooked, while in Burr Mari- 
gold the calyx is reduced to small 
spiny bristles, and in Avens the styles 
persist and are hooked. 

When they become wet the seeds 
of Plantain and Chickweed become 
sticky. They may adhere to the fur of 
mammals and the feathers of birds. 
Many small seeds and fruits are dis- 
persed on the feet of animals, particu- 
larly water-birds, becoming trapped 
in mud on their feet. 

Nuts are particularly dispersed by 
rodents such as squirrels. Often they 
are buried in the ground and if they 
are not eaten they may be in an ideal 
position to germinate. 

In many instances the seeds are pro- 
pelled some distance by an explosive 
mechanism. Dispersal may be due to 
the unequal drying of the ovary wall 
(pericarp) or to its saturation with 
water. Unequal drying sets up ten- 
sions which lead to the forced rupture 
of the fruit. Thus the seeds are pro- 
jected some little way from the parent 
plant. This is the means of dispersal 
in legumes such as the Pea, Gorse and 
Broom, in Stocks, Evening Primrose, 
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Shepherd’s Purse and Geranium. 

The fruits of Balsam and Squirting 
Cucumber absorb water and become 
swollen. Eventually the pressure rup- 
tures the fruit wall and the seeds are 
thrown out. 


Germination 

The action of frost, heat from the 
sun, and wind dry the soil causing it 
to crack and break up. Rain washes 
the seeds into these. Many of the 
soil’s inhabitants (e.g. earthworms, 
ants), pull seeds into their burrows. 
Some fruits are rough or hairy and 
cling to the soil. When the fruit of 
Oat becomes wet it lengthens and 
pushes its way into the damp soil. 
Many seeds also become buried by 
falling leaves and other debris. 

Thus seeds become buried in the 
soil in a variety of ways. These are 
more protected than they would be if 
they remained above ground. In the 
spring when the soil warms up, 
providing they have adequate sup- 
plies of water and oxygen, they will 
sprout or germinate. 

At the time of germination the seed 
takes in large quantities of water, 
gradually losing its wrinkled appear- 
ance. Sometimes the seed coat is 
stretched so much that it bursts. The 
energy needed for growth is obtained 
from the food store in the seed. In 
the Broad Bean the seed leaves or 
cotyledons are food storage organs. 
In others (e.g. Castor Oil) the food 
store is outside the embryo in a 
special tissue—the endosperm. 

Usually the young root or radicle 


iii OF STYLE 


;COLEOPTILE 


Dispersal by water 
—water lilies in a 
pond. (Inset left) A 
seed showing its 
Spongy covering or \ 
aril. (Right) Section . 
through a 
showing the fibrous 
outer covering. 

is first to emerge through the seed 
coat. It grows downwards (in response 
to gravity) into the soil. The young 
shoot (plumule) appears shortly after- 
wards growing upwards. Its tip re- 
mains bent over until the surface of 
the soil is reached or broken, thus 
the brunt of the plumule’s passage 
through the soil is taken by an older 
part and the fragile tip is protected. 
Once it has emerged from the soil it 
rapidly straightens out. 

In the Runner Bean and Broad 
Bean the cotyledons remain below 
ground. They supply the food with 
which the seedling is nourished until 
the first pair of green leaves start pro- 
ducing food. In the Castor Oil the 
seedling feeds on the endosperm tissue. 
The cotyledons (one on either side of 
the plumule) protect it as it grows 
upwards. They become the first green 
leaves. 

With the production and dispersal 
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of seeds the life cyclé of the typical 
the seed germinates the life cycle of 
another generation if be 


flowering plant is cl pleted. When 


RADICLE 


Note that the radicle appears before the plumule and that the 
latter has a protective sheath—the coleoptile—round it. The ¥ 
cotyledon remains beneath the ground. 
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ENGINE LUBR 


HE terms friction and lubrication 

were explained in previous articles. 
Briefly, the main purpose of lubrica- 
tion is to reduce friction (and there- 
fore to reduce wear) by separating two 
moving surfaces with a film of oil. 

There are two general types of 
lubrication known as Fluid lubrication 
and Boundary lubrication. 

Fluid lubrication is the ideal con- 
dition in which the two moving sur- 
faces are always separated by a layer 
of oil. In practice, however, this 
condition is rarely found but it is 
almost attained in the main bearings 
of an engine. 

Boundary lubrication is the condi- 
tion where only a very thin film of 
oil (say about 0.0025 inch) is present, 
the two moving surfaces are never 
completely separated and some ‘metal 
to metal’ contact is always present. 
Boundary lubrication exists in engine 
cylinder bores directly after starting 
up a cold engine. 

All modern engine lubrication 
systems depend for their effectiveness 
on the continuous circulation of oil 
under pressure through the bearings. 
Oil is required not only to lubricate 
but also to carry away heat from the 
moving parts. Therefore, considerably 
more oil is required than is actually 
needed to maintain the necessary oil 
film. The oil is generally stored in the 
bottom of the crank-case or sump 
which is sometimes finned to assist 
in cooling the oil. 
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Fig. II (a) An oil pump of the gear type. 
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Figure I A typical overhead-valve engine cut away to expose the pressure lubrication 


system. 


Pressure lubrication 

In the pressure lubrication system 
(shown in Fig. I) of an overhead- 
valve engine, the oz/ pump is submerged 
in the sump oil and is driven by a 


Fig. II (b) An oal pump of the rotor type. 


shaft from the engine camshaft. With 
the engine running, the flow of oil 
under pressure through the engine is 
as follows. 

First of all the pump draws oil 
through the comparatively coarse 
gauze filter and delivers it through the 


full-flow filter to the main oil gallery 


which runs the length of the crank- 
case. Then the main crankshaft bear- 
ings are pressure fed with oil from 
the main gallery through passages 
drilled in the crankcase. These pass- 
ages are known as ‘drillings’. The 
big-end bearings are pressure fed 
with oil via crankshaft drillings which 
lead from the main bearings. The 
camshaft bearings are pressure fed 
with oil, through drillings in the 
crankcase, from the main bearings. 
The cylinder walls, pistons, small- 
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Figure III (b) The oil pressure relief 
valve. When the pressure exceeds a certain 
value the ball is forced off its seat and the 
oil escapes to the sump. 


ends and gudgeon pins are lubricated 
by oil splash or mist flung from the 
crankshaft and bearings. 

Some of the oil from the main 
gallery is pressure fed to the hol- 
low overhead rocker-shaft, usually 
through a restriction so as not to 
flood the top of the engine with oil. 
The rocker arms are lubricated 
through drillings in the rocker-shaft, 
and oil passes through drillings in 
the rocker arms to the ends of the 
push rods. Any oil collecting in the 
top of the engine drains back down 
the push rod passages and thus 
lubricates the tappets. The timing 
chain and wheels are fed with oil 
from the camshaft front bearing. 


Oil pumps 

Gear pumps and rotor pumps are 
the types of oil pumps in general 
use. The gear type pump, shown in 
Fig. II (a), consists of a driven gear 
and a driving gear which is attached 
to a shaft driven by the camshaft. 
The two pump gears are of equal 
size and fit closely in the body of the 
pump. Oil is carried from the inlet 
side to the delivery side of the pump 
by opposite teeth of both gears (it 
does not flow between the meshing 
teeth); the oil is thus forced into the 
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delivery pipe. 

The rotor type pump, shown in 
Fig. II (b), is driven from the cam- 
shaft. The inner rotor with external 
lobes is mounted on the driving shaft 
and drives an internally lobed outer 
rotor. This outer rotor has one lobe 
more than the inner rotor. The outer 
rotor and the bore of the oil pump 
body are both offset from the driving 
inner rotor, so that the required 
pumping action is obtained by the 
decrease and increase of clearance 
between each set of rotor lobes. 

The working pressure of an average 
oil system is in the range 30-60 l|b./ 
sq. in. and the actual pressure may 
be indicated by a pressure gauge on 


FigIV An oil filter of the full-flow type. 


the instrument panel. In many 
modern cars a green warning light is 
fitted in place of the gauge. The light 
is controlled by an oil pressure switch 
(shown in Fig. III (a)) and if the oil 
pressure falls below a certain value 
the light will glow. 

To prevent excessive oil pressure 
and possible damage to the system, 
especially when the oil is cold and 


Figure III (a) The oil pressure warning 
light. When the pressure drops the con- 
tacts come together and the lamp glows. 


‘thick or the engine speed is high, a 
pressure relief valve is provided. This 
valve may be incorporated in the oil 
pumps or placed between the pump 
delivery and the main oil gallery (as 


shown in Fig. III (b)). This valve is 
usually an adjustable spring-loaded 
ball which uncovers a port and 
allows oil to escape back to the sump 
when the pressure is excessive. 


Oil filters 

In order to keep the oil clean, the 
lubrication system is provided with an 
oil filter (usually mounted on the 
outside of the engine). The gauze 
type of filter has already been men- 
tioned in connection with oil pumps 
but this filter only prevents the pass- 
age of the larger particles of the 
impurities that find their way into the 
engine oil. To increase the life of the 
engine, practically all the impurities 
must be removed from the oil; this 
is achieved by means of a special 
filter usually mounted on the outside 
of the engine. 

The modern filter assembly consists 
of an element of felt or specially 
treated paper contained in a metal 
can. There are two main types of 
filter, the full-flow type (shown in 
Fig. IV) in which all the oil passing 
from the pump to the main oil 
gallery is made to pass through the 
filter element. This type of filter is 
fitted with a special release valve to 
enable oil circulation to continue 
past the filter should the element 
become choked. 

In the by-pass filter only part of 
the oil is filtered at a time and the 
bulk of the oil flows directly to the 
main oil gallery. Complete filtration 
of the oil therefore takes much longer. 


